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ABSTRACT

This research develops methods of self-reorganization which
can provide a complex linear dynamic system with the ability to re-
structure itself to compensate for failures in its effectors and sensors
and changes in the linear dynamics. The approach taken is to identify
the failure or change in the system and use that information to re-
structure a feedback control loop to maintain closed-loop stability if
possible. Controllability and observability criterion are used to
evaluate the potential ability of a system to tolerate failures in its
effectors and sensors. A lower bound is established for the number
of effectors and sensors a linear time-invariant system requires for
complete controllability and observability. The problem of identifying
failures and changes in the system is solved through the use of detec-
tion filters, which produce error signals indicating the location of a
failure cr change. It is shown that it is always possible to construct a
filter capable of detecting any single failure or change in the observable
dynamics of the system. Extensive results are developed on the design
of a filter capable of detecting a substantial number of different failures
or changes. When the state of the system is fully measurable, a single
filter can provide information about all effector and sensor failures and
all changes in dynamics. Practical design algorithms are presented.
To deal with the feedback restructuring problem several algorithms
are presented for determining a linear time-invariant state feedback
law. These algorithms can be used on-line to produce any desired
closed~loop poles for the controllable portion of the system.
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GENERAL NOTATION

Lower case letters indicate vector or scalar quantities;
upper case letters indicate matrix quantities or Laplace

transforms.

The following quantities are general n-vectors: w, x, z, Zi’

The following quantities are general integers: i, j, k, ki’

I, p.
The following are general matrix quantities: Q, S.

T is a general coordinate transformation; a subscripted T
is a specific coordinate transformation defined in the

A
vicinity of its use. T is a general triangular matrix;

a subscripted T is a specific triangular matrix defined

in the vicinity of its use.

Subscripted vector and matrix quantities not appearing
explicitly in the table of symbols are partitions or elements
of the unscripted quantity, e.g., Aij is a partition of A.

A 1owe;- case letter is used when the partition is a vector
or scalar quantity, e.g., bi is the ith column of B.
Underscores are used occasionally to indicate a vector

quantity which may be confused with a scalar quantity.



VII. The following notational rules apply to any quantities not

appearing explicitly in the table of symbols:

1. ( )T indicates a transposed quantity.
2. () and (/\) indicate transformed quantities

resulting from coordinate transformations.

3. ( ) indicates an augmented matrix.
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CHAPTER 1

INTRODUCTION

1.1 Backgr‘ound

A self-reorganizing system is a system capable of altering its
own internal structure in order to maintain a satisfactory performance
level in spite of changes or failures in its components or changes in the
environment. The goal of self ~reorganization is reliability. As
engineering systems become more complex, the problem of achieving
reliability becomes increasingly difficult. When a large number of
components is involved, the chance that one or more of them will fail
can be significant even if the components are highly reliable as indi-
viduals. One way of increasing overall reliability is to increase the
reliability of individual components. Often such improvements must
await technological developments and scientific advances in areas
related to the theory, design, construction of specific components.
Usually the systems engineer is concerned with another approach to
achieving reliability, which is the use of redundancy. Redundancy can
take many forms, but basically it may be regarded as "padding', or
providing somewhat more than is necessary for the system to function
satisfactorily. In this way certain component failures can be tolerated
without causing the failure of the system as a whole.

One of the simplest kinds of redundancy is what might be called

standby redundancy. This type of redundancy is seen in the use of spare
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components and backup systems. In case of failure, the malfunctioning
component or system is simply replaced by the spare component or
backup system. When this replacement process is carried out auto-
matically, the system exhibits an elementary form of self-reorganization.

One of the appealing features of standby redundancy is its rela-
tive simplicity, both in design and implementation. Design of a spare
component, for example, may be a simple matter of duplicating the
primary component. Implementation is normally accomplished by
isolat ing a defective component and switching in a spare. Seldom is it
necessary to significantly alter other parts of the system to obtain
cornpatibility with the spare component. Therefore, no extensive
logical capacity is necessary to implement a replacement. However,
even in this elementary form of reorganization,one part of the process
which is not always simple is the detection or localization of a failure
in time to deal with it before it causes the failure of the entire system.
Some kinds of failure can be detected and located immediately by simple
sensory information; for example, loss of pressure in a hydraulic
system. In other cases the problem of locating a defective component
is circumvented by grouping a number of components into a single unit
whose failure can be detected easily. Then, instead of trying to locate
a particular defective component in the unit, the entire unit is replaced.
A backup system is an extreme example of this approach. It is a rather
inefficient use of hardware, since a number of good components are
discarded along with the defective one.

Although it can be an effective means of achieving reliability,

standby redundancy with replacement reorganization has certain limita-
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tions. In many cases, providing spare components is not the most
efficient use of hardware. Better performance can often be achieved

by making simultaneous use of all redundant components instezd of
allowing them to remain idle until failure of the primary component.

For instance, a number of redundant sensors measuring the same
quantity can produce a more accurate estimate (i.e., a smaller variance)
than a single sensor. A number of devices whose total output is the sum
of individual outputs (such as force-applying devices or parallel
connected amplifiers) can also be used more effectively in concert than
individually. Not only is the total capacity or saturation level increased,
but the average operating level of each device is reduced. A lcwer
oiperating level may yield a longer average lifetime for each device.

The same argument applies to a group of components whose total output
is the product of individual outputs, such as cascaded amplifiers.
Admittedly, in the case of components with limited lifetimes which are
not much affected by operating levels, standby redundancy may still be
the most effective way to achieve acceptable reliability.

A second limitation of standby redundancy is that it provides
little protection against degradation of performance due to changes in
operating characteristics; for example, changes in dynamic behavior
such as might be caused by environmental conditions. If the changes
can be predicted prior to putting the system into operation, and they are
not toé numerous, it may be possible to incorporate several operating
modes in the system. As changes occur, the system could be switched
to the mode appropriate for existing conditions. However, determining

when such changes occur may still be a significant problem. If the
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changes are not known ahead of time, then a more general restructuring
capability will be necessary to deal with them.

The motivation, then, for turning to more sophisticated self-
reorganization schemes is to produce a system with a greater capa-
bility for coping with changes in the system and in the environment, and
to make more efficient use of redundancy. With greater restructuring
capabilities it becomes possible to employ a kind of redundancy which
is more active than the standby redundancy described above. Instead of
providing spare components, redundancy is obtained by designing the
active components to supplement each other, or to serve overlapping
functions. Then when a component fails it is not replaced by a spare,
but its function is taken over by other active components.

An important special case of this kind of redundancy is seen in
the use of redundant multi-dimensional arrays of like components which
measgure or control a vector quantity. For example, the inertial
angular velocity of a body can be measured by three orthogonal single-
degree-of-freedom inertial reference gyros. By arranging more than
three such gyros in a three-dimensional array, a certain degree of
supplementary redundancy among the sensors is obtained. This example
is a simple illustration of the more efficient use of hardware afforded by
supplementary redundancy as opposed to standby redundancy. If a
single redundant gyro were added to a set of three orthogonal gyros to be
used purely as a replacement, it would be mounted with its input axis
colinear with that of one of the first three gyros. It could then serve as
a backup to that gyro only. But if it were mounted so that its input axis

had a nonzero projection on all three input axis for the first gyros, then
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it would be supplementary to all three and complete information would
be retained if any one of the gyros failed. However, the required data
processing is more complex than in the standby case. Gilmore [ 8 ]
has investigated such redundant gyro arrays. Another example of
redundant like-component arrays can be found in multi-jet reaction
control systems. Crawford [ 6 ] has considered the design and
implementation of redundant reaction jet arrays in spacecraft control
systems.

The use of supplementary components requires more re-
structuring capability than standby redundancy, because when a compo-
nent fails the system must reorganize itself to function with fewer
active components. Having been provided with an expanded capacity
for reorganization, a system then has a potential for dealing with other
changes in the system or in the environment. Some changes might be
gimilar to a failure in that a component becomes unusable; for instance,
the target of a star tracker being occulted by another body. Other
changes, such as in dynamic behavior, are more subtle.

In order to administer the more sophisticated restructuring
schemes, greater logical and computational capacities are required.
These greater capacities have become feasible with the rapidly growing
capabilities of special purpose computers. This growth has stimulated
an increasing interest in various on-line restructuring schemes,
exemplified by "adaptive'’, "self-organizing', and ''self-optimizing"
systems. It is difficult to make sharp distinctions among these terms,
so a definitive categorization will not be attempted here. All the terms

suggest a certain restructuring capability, and therefore such systems
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may exhibit some of the characteristics which have been used to
describe self-reorganizing behavior. The approaches to restructuring
used in these systems frequently bear on some of the same kinds of
problems encountered in self-reorganization. Chapter 3 discusses
some of the fundamental concepts on which many of the restructuring

methods are based.

1.2 General Problem Description

The basic system considered in this research is a linear plant
with feedback. Control forces are applied by effectors which are
subject to failure. The outputs of the plant are measured by sensors
which are also subject to failure. The linear dynamics are assumed to
be either piecewise time-~invariant or slowly time-varying. A com-
pletely reliable data processing capability is presumed. The problem
is to maintain satisfactory closed-loop performance in spite of failures
in the effectors and sensorls and changes in the linear dynamics. Satis-
factory performance means at least closed-loop stability. Some
additional properties of the closed-loop dynamic behavior are also
considered in situations where time is available for more extensive
computation.

The sensors and effectors are assumed to be supplementary, so
there are no spare components (although some of the results on failure
detection can be used with standby redundancy). In case of failure, the
system is expected to function with a reduced number of effectors or
sensors. Chapter 2 introduces some concepts for describing more
specifically the idea of supplementation as applied to sensors and

effectors for a linear plant. A quantitative measure for the degree of
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supplementation among these components is also suggested.

The remaining chapters deal with the problem of implementing
a self-reorganization scheme assuming the basic plant is given.
Chapter 3, in addition to discussing some basic approaches to reorgani-
zation, presents a detailed formulation of the problem, describes the
method of approach used in this research, and introduces the subject

matter of the remaining chapters.
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CHAPTER 2

COMPONENT SUPPLEMENTATION

2.1 General Discussion

The concept of supplementary redundancy was discussed in
Chapter 1. Supplementary components were described in a general
way as those which perform overlapping functions so that when one
component fails its function can be taken over by others. Before one
can proceed to construct systems with supplementary components, it
is necessary to have more specific definitions of the properties of
supplementation. This chapter investigates the supplementary
properties of effectors and sensors for a linear time-invariant system.

To discuss supplementation one must first define the functions
of the various components. Effectors are control devices, so it is
natural to define their function in terms of controllability. Sensors
are mezsuring devices, so it is likewise natural to define their function
in terms of observability. Fortunately controllability and observa-
bility are already well-established concepts in the theory of linear
systems. Sections 2.2 and 2.3 apply these concepts to individual
effectors and sensors. They illustrate how the function of an effector,
for example, can be defined in terms of that portion of the state space
which the effector can control. A similar definition can be applied to a
sensor. The remaining sections in the chapter use these results to

develop several ways of defining more specifically the idea of supple-
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mentation as applied to effectors and sensors. Attention is given to
the problem of how to measure degrees of supplementation among
components. Such ideas provide a measure of the potential ability of

a system to cope with failures of its effectors and sensors.

2.2 Partial Controllability

In this section some results concerning the concept of
controllability are reviewed. The primary purpose is to illustrate
how these results can be used to describe the control function of each
individual effector. The ideas presented here will be used in the later
sections of this chapter and also in Chapters 4 and 6 in a different
context.

Consider the linear time-invariant system described by
x(t) = Ax(t) + Buf(t) (2-1)
yt) = Cx(t) (2-2)

where x(t) is an n-dimensional state vector, u(t) is an r-dimensional
control vector, and y(t) is an m-dimensional sensor output vector. The
matrices A, B, and C are of dimension n X n, n X r, and m X n
respectively. Employing the definition used by Athans and Falb [ 1 ],

a state X is defined to be controllable at time to if the state of the
system can be driven from X(to) =x, to the origin in a finite time
interval by some control u(t). Athans and Falb show that for the
system described by (2-1) the set of controllable states is a subspace
of the state space, R™. Moreover, this subspace is spanned by the

columns (considered as vectors in Rn) of the matrix
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W = [B, AB, ..., A"l B] (2-3)

or equivalently, the controllable subspace is the range space of W.
Hereafter the range space of W will be referred to as the controllable
space of B (with respect to A). Since by definition a state trajectory
joins every state in the controllable space with the origin, this space
can also be viewed as that portion of the state space which is reachable
by some control u(t) starting from the origin. The matrix W has
dimension n X (n*r), so the number of independent columns in W, and
thus the rank of W, can be no greater than n. If the rank of W is n,
the system given by (2-1) is said to be controllable and (A, B) is a
controllable pair. If the rank of W is less than n, the system is only
partially controllable.

Flach component of the control vector in (2-1) is considered to
be the control force applied by one effector. To clearly indicate the

action of each of the r effectors (2-1) can be written as

x(t) Ax(t) + blul(t) + ...+ brur(t) (2-4)

where u_.L(t) is the ith component of u(t) and bi is the ith column of B

ul(t)

a®) = | . (2-5)
u_(t)

B = [by ....,b.] (2-6)

Now suppose the system is being controlled by only one effector, say

the i;th effector. Then the state equation is

22



x(t) = Ax(t)+biui(t) (2-7)

The statements concerning the controllability of (2-1) with the full
control vector can be applied to (2-7) as well by simply replacing B

with bi' Define

_ n-1
Wi = [bi’ Abi’ cee;, A bi] {(2-8)

The range space of Wi is that part of the state space which is control-

th effector

lable by the ith effector. This means that acting alone the i
can drive any state in the range space of Wi to the origin, or can reach
any state in that space starting from the origin. The range space of
W, is the controllable space of bi’

The matrix W has several important properties which are due
to the manner in which the columns of Wi are generated. If the rank
of W, is k., then the first k columns of W, (from the left) are
independent and form a basis for the range space of Wi' This is
verified by noting that if any column of Wi is linearly dependent on the
previous columns, say

k
k - j-1 -
ADb, = Z a5 AT T by (2-9)

j=1

(where the @, .. are scalars) then by premultiplying (2-9) repeatedly

1]
by A it can be shown that AJbi for any j > k is also dependent on the

first k columns, {bi’ e, aAk-1

bi}' It can also be shown from (2-9)
that the range space of Wi is an invariant subspace with respect to A.

A subspace is invariant with respect to A if for any vector x in that

23




subspace, Ax is also in the subspace. A subspace which has a set of

basis vectors of the form {b,, Ab,, ..., ak-1

bi} is called a cyclic
subspace because of the cyclic manner in which the basis is generated
from b,. The vector bi is called the generator of the subspace. A
cyclic subspace is always invariant. The concept of cyclic subspaces
and their generators play an important role in the study of the structure
of linear spaces and canonical matrix forms. A complete development
of the results stated above can be found in Gantmacher [ 7] . Since

the first k columns of Wi form a basis for its range space, it follows

k-1

that the range space of [bi’ Ab;, ..., A bi] is equivalent to that of

rk W, = rklb., ..., A bi] = k (2-10)

The set of all vectors orthogonal to the range space of Wi (more
precisely, orthogonal to every vector in the range space of Wi) also
forms a subspace. This subspace is the null space of W?. If x is any

vector in this subspace, then
Wiz = 0 (2-11)

The null space of W? will be -~eferred to as the uncontrollable space of

b.. This terminology is motivated by the following observation. Con-

4

sider a linear scalar function of the state variable given by
- T
vh(t) = h™ x(t) (2-12)

where h is a time-invariant n-vector. If h lies in the uncontrollable

space of bi’ then the action of the ith effector can have no effect on the
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dynamic behavior of vh(t).

The general solution of (2-7) is
t
x(t) = @ (t,to) x(to) + g (I) (t, 7) biui(’r)d’r (2-13)
t
o

where (]) (t, to) is the transition matrix defined by

a—% dwt) = APt (2-14)

d,.t) = I (2-15)

(I is the identity matrix.) Since A is time-invariant, (I) (t,to) can be

replaced by the matrix exponential

D) = At

N P
z ATt - to) - to) (2-16)
EUE

Using this series expansion for @ (t,7) the integral on the right hand

gide of (2-13) becomes

t © t j
S @ (t.7) b,u(r)dr =Z AJbi S‘(i;—?)— u;(7)dr
t =0 t

o o) (2-17)

The vectors AJb.l for all j are in the range space of W, so (2-17) can

be expressed as

t
g ¢ ., 7) b.u(7)d7) W.g(t) (2-18)
tO
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where g(t) is some n-vector which depends on ui(t). ( g(t) is not

unique if rk Wi <n). Using (2-18), (2-13) becomes

x(t) = @(t,to) x(t)) + Wglt) (2-19)
and

v® = nlx® = 0Tt ) x)+nT W, g(t) (2-20)

T T T

If h is in the null space of Wi then Wi h=0 or h Wi = 0, and (2-20)

reduces to
vy® = nT Pt ) xtt) (2-21)

Clearly ui(t) has no effect on vh(t). In this sense the quantity Vh(t)

th effector. These observations

is uncontrollable with respect to the i
concerning the controllable and uncontrollable spaces of bi describe
the capabilities and limitations of individual effectors. They will be
used in Section 2.4 to determine the influence of effector failures on

system control capabilities and to define more precisely the idea of

complementary effectors.

2.3 Partial Observability

The results on observability presented in this section are
primarily intended to serve as a basis for evaluating the capabilities
of sensors and the effect of their failures on overall system capa-
bilities. Some of the results will be used extensively in Chapter 4
as well,

The system given by (2-1) and (2-2) is said to be observable if

given y(t) and u(t) over some time interval [to, tl ] it is possible to
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determine uniquely the starting state x(to). Substituting the general

solution for x(tl) into (2-2) yields
yt) = CQ(ty.t) x(t)
t
+ C S‘ ¢ (t;.7) Bu(r)dr
t

0]

To determine x(to) it must be possible to solve the equation

C Q. t) x(ty) = yo(t,)
where t
1
yolty) = yt)-C g @(tl,T)Bu(T)dT
t
o)

(2-23)

(2-24)

is a known quantity. Brockett [ 4 | proves that for a linear time-

invariant system x(to) can be determined to within an additive constant

which lies in the null space of the matrix

r C 4 7T "'C ‘l
CA CA
ah-1 ~oan-1
LCA - LCA P

or equivalently, the null space of

| can-!
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The system is observable then if and only if the (m-n)x n matrix M
has no null space. This is true if and only if rk M =n. Ifrk M<n
the system is only partially observable.

The range space of MT will be referred to as the observable
space of C. This subspace of the state space determines the ability
of the sensors to observe a scalar linear function of the state variables.

Congider the scalar

v () = nt x(t) (2-26)

Given y(t) and u(t) over a time interval [to,tl ], X(to) can be deter-
mined to within an additive constant in the null space of M. Then X(to)

can be expressed as

X(to) = Xp+Z (2-27)

where x:p is a particular solution of (2-23), and z is some unknown

vector such that
Mz = 0 (2-28)

Substituting (2-27) into (2-286) gives

_ T T
vh(to) = h Xp + h*z (2-29)

Now hT xp is known, but hTz is, in general, unknown because z is

unknown. Therefore vh(to) cannot be determined unless it is known

with certainty that hlz = 0. This will be the case if and only if h is

orthogonal to every vector in the null space of M, or equivalently, if h

lies in the range space of ML,
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It will become clear in later chapters that in a reorganization
scheme sensor outputs are used not only to determine the state of a
system, but also to provide information about failures and changes
which may have occurred. One part of the reorganization problem is
to detect changes in the dynamics of the system described by (2-1),
e.g., changes in A or B. The null space of M plays an important part
in determining the ability of the sensors to furnish information about
such changes. This interpretation of the null space of M will be demon-
strated after some basic results are established.

By reasoning similar to that used in Section 2.2 it can be shown
that if rk M = g <n the matrix can be truncated after (m-q) rows

without altering the null space. That is,

" 2
CA

rkM = rk . = q {(2-30)
Lcad]

and the null space of the truncated matrix is the same as the null space
of M. From this fact it is easily established that the null space of M
is an invariant subspace with respect to A. Suppose x is in the nuil

space of M. Then

C (ca )

CA ca2

. Ax = . X = _0_ (2"‘31‘}
cad-l .CAqJ
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since all the rows of the matrix on the right are included in M (recall
g <n}. If Ax is in the null space of the truncated matrix, it is also in
the null space of M. Therefore the null space is invariant with respect
to A. A subspace which is invariant with respect to A is also invariant
with respect to (I) (t, to) for any t and to. This follows from the series
expansion for Q (t, t,) given by (2-16).

An invariant subspace with respect to @ (t,tO) is associated
with what will be called a free-trajectory subsystem. A free

trajectory is a homogeneous (undriven) solution of (2-1) and is given by
x(t) = @ (t,t)) x(t)) (2-32)

From this equation it is clear that if x(to) is in an invariant subspace
with respect to @ (t, t_) then the free trajectory x(t) remains in that
subspace for all t. Because the trajectory never leaves the subspace,
it can be completely described by a reduced state vector whose dimen-
sion is the dimension of the subspace. Suppose the subspace has
dimension ¢ and the set of vectors {WI 1; e e, WH} is a basis for it.

Any x(t) in the subspace can be uniquely expressed as

x{t) = ) + ... + wuoﬂ(t) (2-33)

Y1191
for some scalar time functions {ol(t), cees Oy (t)}. On the other hand,

this set of cri(fc) uniquely determines x(t). The £-vector

o ()
X0

30



therefore uniquely determines the trajectory x(t) and can be considered
the state vector of a subsystem of the original system. The undriven
dynamic behavior of this subsystem corresponds to the dynamic
behavior of a portion of the complete system given by (2-1).

The null space of MT, being invariant with respect to @ (t, tO),
can be associated with a free-trajectory subsystem. This subsystem
is unobservable in several senses. First, for any trajectory in the

null space of M
yit) = Cx{t) = 0 (2-34)

so y(t) provides no information about the state of the associated sub-
system. Moreover, since the dynamic behavior of this system produces
no effect on the output y(t), it is clear that any scheme to identify the
dynamics of the system from y(t) can never produce any information

about that portion of the dynamics associated with the null space of MT,

T will be referred to

In light of these observations the null space of M
as the unobservable space of C.

These results are concerned with the capabilities of the com-
plete set of m sensors modeled by (2-2). The same developments can

be applied to each row of C to determine the capabilities of each indi-

vidual sensor.

2.4 Invulnerability to Effector Failures

The material in this section is an attempt to provide some
answers to the question of how many effector failures can be tolerated

before a system becomes unable to function. Such a question is of
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interest because one would like to be able to design a self-reorganizing
system so that it can cope with the largest possible number of effector
failures. There is no unique answer to this question because there are

"unable

different ways of defining the stage at which a system becomes
to function'. In this section the concept of controllability will be used

to define stages of failure.

2.4.1 Minimum Number of Effectors for Controllability

Consider the system described by (2-1). As in
Section 2.2, each component of the control vector will be considered
the output of one effector. Each effector is associated with the
corresponding column of B. The question to be answered here is,
what is the minimum number of effectors necessary to completely
control the system? Or in other words, what is the smallest value of
r for which there exists an n X r matrix B such that (A,B) is a
controllable pair?

The answer to this question can be obtained from
resulls concerning the invariant polynomials of a square matrix.
Extensive results on invariant polynomials can be found in [ 7 ]. Only
those properties necessary for present purposes will be presented
here. Any n X n matrix A has associated with it a unique set of n
invariant polynomials {il(s), cee, in(s)} of orders ky, ..., k_
respectively. ‘The polynomials have the following properties:

(1) They are monic, i.e., the coefficient of the
highest power in s is unity.
(2) The product of all the invariant polynomials

of A yields the characteristic polynomial of A
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Is - A’ = il(s) . iz(s) L. in(s) (2-35)

Since the characteristic polynomial of A is of

order n, it follows that
k,+ ... +k = n (2-38)

(3) Each ij(s) is evenly divisible by ij+1(s). This

implies

> ... >k (2-37)

Normally the polynomials become trivial (equal to 1) at some point in

the sequence. A typical set might look like

. kl kl-l
11(s) = s "+ oznkl S oo,

kz kz—l
ips) = s 74 Y12k, © LIRS PY]

kﬁ kﬂ -1
1£(s) = s +a1£k£ s + '+a1£1
i +1(s) = 1

{(2-38)
in(s) = 1
where the aIij are scalars. For this set kﬂ +1 = kﬁ 49 =+ = kn =0
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and

k,+...+k, =n (2-39)

It will not be proven here, but the only matrices which have all non-
trivial invariant polynomials are of the form oI, where o is a scalar
and I is the identity matrix.

The answer to the question posed at the beginning of the
section is obtained by counting the number of nontrivial polynomials.
Specifically, the minimum number of effectors necessary to make (2-1)
a controllable system is equal to the number of nontrivial invariant
polynomials of A. To see why this is true it is necessary to investigate
the way in which the invariant polynomials are obtained. The first
polynomial il(s) is the minimal polynomial for the entire state space.

This means that for any vector x in the state space

kl kl—l
11(A)X = A X+a11k1A x+ ...+ a111x=g
(2-40)
This, in fact, implies il(A) = 0. Equation (2-40) can be solved for
k kq-1
4 1 x in terms of the vectors {x, Ax, ..., A 1 x}. This implies

e
tnat

rk [ x, A%, ..., ab-1 x] = rklx, ..., A
(2-41)
for any X. Réplaci,ng x in this expression by the vector bi associated
with any effector shows that the controllable space of any effector
cannot have dimension larger than kl. In other words, the largest

possible subspace which is controllable by a single effector can have
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dimension no larger than k It can be shown that there always exists

1
a vector for which the equality in (2-41) holds. By taking bi equal to

that vector, the ith effector will have a controllable space of dimension
kl’ Denote such a subspace by El‘ From Section 2.2 it is known that
the vectors {bi’ Abi’ v Aklﬂlbi} form a basis for El‘
The second polynomial iz(s) is the minimal polynomial

for the state space modulo E That is, for any vector x in the state

1
space

iZ(A)x = z (2-42)

k2
where z is some vector in El' This equation can be solved for A ~ x
ko1
in terms of the vectors {x, Ax, ..., A 2 x}and z. But z can be
k-1
expressed in terms of the basis vectors {b,, Ab., ..., A 1 b.}
k
for El' Therefore A 2 x can be expressed as a linear combiration
k,-1 k-1

2 1

of the vectors {x, Ax, ..., A X, bi’ Abi’ .., A bi }. This

together with (2-41) implies

rk[x, Ax, ..., A" s, b, Ab, ..o, a1 b, ]
ko-1 k-1
= rk[x, Ax, ..., A X, b, Aby, ..., A bi}
< ky o+ ok, (2-43)

for any x. Replacing x by the vector bj associated with any second

effector and reordering the columns in (2-43) yields

n-1
rk[(bi’bj)’ A(bi’bj)’ e, A (bi’bj)] < k, +k

1 2

(2-44)
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This construction demonstrates that the largest possible subspace
which is controllable by two effectors can have dimension no larger
than (kl + k2). Again it can be shown it is possible to find a bj for
which equality holds in (2-44). The same reasoning can be applied to
13{5} and so on. In general, the largest possible subspace which is
centrollable by r effectors has dimension (1«:1 + .00t kr)‘ The entire

state space (and the system) is controllable by r effectors if and only if
k,+...+k, = n (2-45)

Comparing this with (2-35) one can conclude that the minimum value of

v for which (2-41) is satisfied is
r_ . = (2-46)

Gantmacher [ 7] discusses several methods for generating the
invariant polynomials from which roip a0 be determined. One
method is to reduce the characteristic matrix (Is - A) to a diagonal
matrix by elementary row and column operations. Then the invariant
polynomials of A appear as the diagonal elements.

A minimal set of vectors {bl’ cen, br ' } capable of
controlling the entire state space is by no means uniqtr;:eui— in fact,
there is an infinity of such sets. No systematic procedure for deter-
mining all possible minimal sets is presented here. However, one
way of selecting at least one minimal set is to transform A to one of

the block diagonal standard forms derived by Gantmacher. When this

is done it is possible to select a minimal set of bi by inspection.
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2.4.2 Supplementary Effectors

The previous section dealt with the question of control-
ability of the complete system given by (2-1). In this section attention
will be focused on the ability to control a scalar linear function of the

state, as given by
= nt ;
vh(t) =  h7x(t) (2-47)

A subset of j effectors associated with the vectors {bi s e bﬁ 1

1 J
will be considered supplementary with respect to control of the scalar
vh(t) if they are each alone capable of controlling vh(t). Applying the

th

results of Section 2.2, it can be seen that the i~ effector is capable of

controlling v, () if and only if

htw, # 0 (2-48)

where W, is defined by (2-8}. The subset of vectors {b.ll, ce e, bi,}
(from the full set {bl, eees br}) which satisfy (2-48) corresponds té
the subset of effectors which are supplementary with respect to control
of vh(t). The number of effectors in this subset is a measure of the
invulnerability of the quantity vh(t) to effector failures. vh(t) will be
controllable as long as any one of the effectors in the above subset is
functioning. Therefore at least j effector failures (specifically,
failure of all effectors in the supplementary subset) are necessary
before vh(t) becomes uncontrollable. One can also associate this
degree of invulnerability with the vector h. When investigating the

invulnerability of a particular h, a more convenient relation which is

equivalent to (2-48) is
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M, b. # 0 (2-49)

h 71
where
nTa
Mh = . (2-50)
ST ,n-1
Lh AT

{Note that Wi can be truncated after the kth column, where k =rk Wi°
Similarly, Mh can be truncated after the ﬂth row, where £ = rk Mh.)
An invulnerability degree can be associated with every
direction in the state space. The direction with the least degree of
invulnersbility is in a sense the "weakest link'' of the system with
regard to controllability. This least degree of invulnerability is this

minimum number of effector failures necessary for the system to

become not controllable.

2.5 Invulnerability to Sensor Failures

The material in this section is analogous to the observations
made in Section 2.4 concerning effector failures. The purpose is to
provide some answers to the question of how many sensor failures a
system can tolerate and still continue to function. Again the answer
depends on how one chooses to define the point at which a system is
unable to function. Observability criterion will be used for this purpose

in the following sections.
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2.5.1 Minimum Number of Sensors for Observability

The results of this section are most easily develcped by
referring to Section 2.4.1 and recognizing the duality relationship
between observability and controllability. Let c; be the ith row of C.
The unobservable space of c; with respect to A coincides with the
uncontrollable space of C;I’ with respect to AT. Similarly, the
observable space of c; with respect to A coincides with the controllable
space of c'.lr with respect to ATa The invariant polynomials of A and AT
are identical [ 7 ]. Therefore theresults of Section 2.4.1 show that the
largest subspace which is controllable (with respect to AT) by m
effectors has a dimension (k1 + ...+ km). It follows by duality that
the largest subspace which is observable (with respect to A) by m
sensors has dimension (kl S km). For a system matrix A with
invariant polynomials (2-38), the minimum number of sensors
necessary for observability is m a =L The minimum number of

sensors for observability is equal to the minimum number of effectors

for controllability.

2.5.2 Supplementary Sensors

This section presents two viewpoints of supplementation
among sensors. The first is based on the ability to observe a scalar
linear function of the state. The second is based on the ability to
provide iinformation about the subsystem dynamics.

Consider the system (2-1) with sensor outputs given by
(2-2). Each component of the output vector y(t) will be considered the

output of one sensor. The ith sensor is associated with C:s the 'ith
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row of C. The observations of Section 2.3 can be applied to each c,

The scalar function vh(to) given by (2-26) is observable by the ith

sensor if and only if h lies in the range space of M'll’ where

c, b
c.A

M, = U (2-51)
LéiA“'i

f rk Mi =q; then there aren - q; independent solutions of the

equation
Mz = 0 (2-52)

Let {Zil’ cees Zy n-q } be a set of such independent solutions. These
A

vectors form a basis for the null space of Mi' Now h is in the range

space of M;r if and only if it is orthogonal to every vector in the null

space of M, . This will be the case if hTzu =0for £ =1, ..., n-q,,

or equivalently,

h™N, = 0 (2-53)
where
N, = [Zil’ , Zl,n—qi ] (2-54)
By forming the subset {c, , ..., c; }of all rows of C for which (2-53)
1 i

ig satisfied, one obtains the set of sensors which are supplementary
with reaspect to the observation of vh(to). The number of sensors in

this set is a measure of the invulnerability of vh(to) with respect to
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sensor failures. This invulnerability can be associated with the vector
h as well. As in the case of effector failures, an (observation)
invulnerability can be associated with every direction in the state space.
The direction (or directions) with the least degree of invulnerability

is the weakest part of the system in terms of observability. This

least degree of observation invulnerability is the minimum number of
sensor failures necessary for the system to become not observable.

It is also possible to interpret invulnerability in terms
of determining subsystem dynamics. As indicated in Section 2.2, an
invariant subspace with respect to A can be associated with a free-
trajectory subsystem. Suppose the subsystem of interest is associated
with a certain £-dimensional invariant subspace defined by the basis

vectors {w Define the n X £ matrix

11’ - Yy

X = [w

I (2-55)

W

| IlZ]

The invariant subspace is the range space of X.. It can be shown that

I
if rk(l\/[i XI) < £, then the ith sensor can provide information about
only a portion of the dynamics of the subsystem associated with the

range space of X.. Assume

I

£ - rk(MiX = k >0 (2-56)

7
Then there are k independent solutions of the equation
Mi XIBI = 0 (2-57)

where BI is an f-vector. Let {8 e, BIk} be a set of such

I1°
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independent solutions. Define an n X k matrix
ZI = XI[BI]., ° e 8, BIk] (2-58)

Note that the range space of ZI consists of all vectors which are both

in the null space of Mi and in the range space of XI' In other words,

the range space of Z. is the intersection of the null space of Mi and

I

the range space of X.. Since it is the intersection of two invariant

I’

subspaces, the range space of Z, is itself an invariant subspace. A

I
second free-trajectory subsystem can be associated with the range

space of Z It is, in fact, a subsystem of the first subsystem

I

because the range space of Z, is contained in the range space of XI'

I

The range space of Z_ is also in the null space of Mi’ SO one may

I
conclude from the results of Section 2.2 that the output of the ith sensor
can never yield any information about the dynamics of this second sub-
system. In this sense, a portion of the dynamics of the first subsystem
is unobservable by the ith sensor. By counting the number of sensors

for which r'k(Mi Xi) = ¢ one can obtain the degree of invulnerability to

sensor failures for the subsystem associated with the range space of XI.

2.6 Summary

This chapter uses the concepts of partial controllability and
observability as the basis for some criteria for evaluating the ability of
a system to cépe with effector and sensor failures. These criteria are
offered as possible design goals for the basic system in a self-reorga-
nizing scheme. However, they measure only a potential ability. The

actual ability of a system to withstand component failures and other
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changes depends also on the effectiveness of the self-reorganizing
loops whose function is to make advantageous use of the supplementary
features built into the basic system. These self-reorganizing loops

are the subject of the remaining chapters.
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CHAPTER 3

SELF-REORGANIZATION

3.1 General Principles

This chapter outlines some general concepts concerning self-
reorganization schemes. Specific areas to which the major results of
this research apply are described in more detail. The formulations
of the problems considered and the methods of attack are presented as
an introduction to the following chapters.

Reorganization of a system is made necessary when a malfunction
or change in the system or in the environment causes an unacceptable
deterioration in the performance level. (Such an occurrence will be
referred to as simply an "event''.) The object of the reorganization or
restructuring is, of course, to restore the performance to an acceptable
level. One is quickly led to the observation that any restructuring
decision is based upon information about either the performance of the
system or the event which has occurred. Without at least one of these
two types of information available, there is no logical basis for selecting
a new structure.

Information about the performance of a system might be obtained
directly from- sensor outputs or it may be obtainable only indirectly by
inference from measurable quantities. For example, accessible outputs
of the system might be compared to a reference model. The most

common types of performance information are performance level and

performance gradient with respect to some structural parameters.
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Higher derivatives of the performance function are usually too difficult
to generate for on-line use. Knowing the performance and performance
gradient for a certain system structure amounts to a local knowledge of
a performance as a function of structure. Structure-changing algorithms
based on such information will be local searching techniques. The local
knowledge of the performance surface is used to guide small changes in
structure to achieve higher performance levels. Many techniques for
locally directed searches have been developed in connection with
maximizing (or minimizing) a function of several variables and more
recently in connection with finding optimal controls for dynamic systems.
Many of the adaptive systems proposed in the literature over the past
decade use performance information and locally directed searching
techniques [ 12,13, 22, 25].

Perhaps the greatest appeal of this approach to reorganization is
that it is not necessary to make a detailed analysis of the relationships
between performance and structure. The search process takes the place
of such analyses, and therefore this approach is most useful in cases
where accurate analysis is difficult or impossible in the design stage.
Moreover, a substantial amount of imperfect knowledge about the basic
system can usually be tolerated when only performance level information
is required. As one would expect, a more complete knowledge of the
system characteristics is required to generate performance gradient
information. If these characteristics are themselves subject to change,
it may be necessary to identify them before reliable performance
gradient information can be generated. Thus a reorganization scheme
based on performance information may also require a certain amount

of event information (about system characteristics) as well.
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Performance-directed searching methods have several limita-
tions. One limitation is that it is not always possible to determine
system performance. This is the case when a performance index is
based on inaccessible quantities. For instance, the performance index
of an inertial navigation system might be the error magnitude between
estimated and true position. Since true position is not known, the
performance cannot be determined on-line.

In other cases it may be possible to define a performance
measure that is accessible, but which in practice becomes unsatis-
ractory because it is influenced too much by inaccessible effects. This
may happen, for example, when comparison with a reference model
is taken as a performance measure for a plant subject to unknown
disturbances. If there are significant disturbances acting on the plant
but not on the model, the performance measure may be too sensitive to
these disturbances to be useful for reorganization.

Performance information measured on-line indicates present or
past performance, whereas the information is used to determine
structural changes which affect only future performance (because of
delays in the restructuring process and in the system itself). This is
not a serious problem provided the performance surface (performance
as a function of structure) remains relatively stable in time. However,
if the performance measure is significantly influenced by time-varying
effects other than the restructuring process, then the performance
surface may be altered too rapidly for the reorganization process to
follow. The resulting performance can be poorer than if no reorganiza-

tion were attempted.
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Another limitation of performance-directed reorganization is
concerned with the speed of the reorganization process and related
questions of stability. Gradient information usually produces consider-
ably faster convergence in the search process. However, additional
delays associated with the use of gradient information can be sub-
stantial. The structural reorganization must proceed slowly enough to
allow the changes to be properly reflected in the gradient information,
otherwise the gradient information will be invalid. This usually means
the adjustments must be made slowly with respect to the dynamic
response of the basic system. Because of this, excessive searching
times may result when major events occur which require large
structural changes. In the meantime serious stability problems can
arise. In these situations it would appear to be advantageous to try to
make large changes initially which put the system structure at least in
the general area of the ideal one. This leads to the concept of reorgani-
zation based upon event information.

The second basic approach to reorganization is to attempt to
determine what event has occurred and to select a new structure to

compensate for it. This approach can be viewed in two steps:

(1) Processing the raw data from the system to obtain
information about the event which may have

occurred.

(2) Using the event information to select a new

structure.
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The techniques used to accomplish the second step will depend on the
type of event information which is generated in the first step.

As noted in Chapter 1 with the example of pressure loss in a
hydraulic system, some events can be identified immediately by simple
sensory information. Another source of event information is comparison
of redundant data. For example, a substantial discrepancy among the
ocutputs of several duplicate sensors might indicate that one (or more) is
defective. A "majority rule' decision can be made if there is sufficient
redundancy (e.g., if two out of three sensors agree). In the area of
digital logic design considerable attention has been devoted to the
problem of detecting errors in redundant data [10,11,18,24]. If
discrepancies can be traced back to a particular component, this would
be an indication of malfunction.

When redundant data is not available, comparison with data from
a reliable model might be used to detect discrepancies. In many cases
the outputs or inputs of individual components are not accessible. This
makes the localization of a failure or change a more difficult problem
than simple comparison (unless, as suggested in Chapter 1, components
are grouped into easily diagnosable units). Inferences must be made
from observable effects on other parts of the system. Model comparison
is often used in the identification of dynamic systems from input and
output data. Identification of dynamic systems has received substantial
attention in connection with adaptive schemes, as mentioned earlier,
and also in the off-line design of process control. One technique which
has been employed extensively for this purpose is the use of an adaptive

model [12,14,16,17,27]. Parameters of the model are adjusted to
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minimize some measure of the difference between the system and
the model.

If the event information identifies a specific event, then
determining a new structure is a matter of establishing a connection
or association between the appropriate structure and the event. The
association between event and structure could be a direct association
or a logical one. The use of standby redundancy and replacement
reorganization described in Chapter 1 is a simple example of direct
association. Failure of a component is associated directly with the
new structure -- replacement of the failed component by a spare.
Direct association can also be used with supplementary redundancy.
One example is simply a table listing all events and their associated
structures. Or a direct association could consist of a fixed functional
relationship between event parameters and structural parameters. A
logical association would establish a connection between event and
structure on-line through the use of logical algorithms. Such an
algorithm might be a kind of quick redesign process shortened by prior
analysis of the basic properties of the general type of system. Direct
association would be faster but less flexible than logical association.

The event information could be in the form of a set of properties
or features which categorize events. Of course, if the features are
sufficient to identify a specific event, then the restructuring process
could be the same as described above. Instead of attempting to identify
a specific event, an alternative approach would be to associate esach
event feature with some appropriate property or feature which the new

structure should possess. These associations between event features

49




and structural features could be established as described previously.
They might also be established by a learning process. Such a learning
process would amount to discovering high correlations between
particular event features and structural features. To achieve learning,
some feedback must be available which would indicate whether the re-

structuring has been successful or unsuccessful. If a training period

is provided, this information would be supplied by the trainer or teacher.

For on-line learning reinforcement some kind of performance informa-
tion would be necessary.

Another approach to reorganization based on event information
ig to formulate the problem in a statistical framework. Events can be
modeled as statistical events. Then the whole theory of hypothesis
testing can be brought to bear on the problem of event idenfication.
Once a decision is made about the occurrence of an event the restructur-
ing process can proceed as previously described. Or in some cases,
instead of making a yes or no decision about the occurrence of an event,
a probability of occurrence conditioned on available information can be
used as a basis for restructuring. A new structure could be selected
to maximize the expected performance or minimize an expected risk.
For example, the confidence in a sensor (i.e., the weight placed on its
measurement in arriving at a statistical estimate) could be based on the
probability that it has failed. The statistical viewpoint has been taken
by Rockwell [ 21] in obtaining a state estimate of a system in the face of
possible sensor malfunctions.

An aid to event identification which has not been considered here
is the possibility of performing tests or experiments on a system or its

components. Fault-detection experiments are of considerable interest
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in digital logic design [9,10,11]. The identification of finite-state
sequential machines is often based on the construction of test input
sequences which take the machine through all its transitions [ 3, 11].

A wide-band input is often used as an aid to identification of a continuous
dynamic system. For purposes of self-reorganization one is normally
concerned with the problem of identifying failures and changes while the
system is functioning. This usually precludes the use of any extensive
tests or experiments because test inputs tend to disturb the normal
operation of the system. This is not necessarily always the case,
however. Sometimes it is possible to apply low-power test signals
which do not adversely affect operational performance. Or, during
intermittent periods of idleness a component might be isolated and
tested.

In the preceding discussion greater attention has been devoted
to passive event identification because it is more widely applicable to
on-line use. Moreover, techniques designed for passive event identifi-
cation can be used in active testing as well. The information provided
by a passive event identification scheme is often enhanced when
judiciously chosen test inputs can be applied to the system.

One advantage offered by reorganization based on event informa-
tion is the possibility of guiding large discontinuous structural changes
in a system. In this way it is possible to achieve quickly a system
structure which is relatively close to the ideal one. Implementing this
sub-ideal structure will hopefully achieve a sufficiently high temporary
performance level to allow additional time for making smaller 'fine
tuning' adjustments in the structure. A second advantage of being able

to make large structural changes is that it is possible to jump over
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areas of unstable structures. Local adjustment techniques, on the
other hand, may have to go around or through unstable areas which lie
in the path from the old structure to the new one. Reorganization based
on performance and event information should be considered comple-
mentary techniques. When both types of information are available, the
most successful reorganization scheme will be a combination of the two.
Some adaptive systems presently proposed employ performance and
event information at different levels in the adaptive hierarchy. For
example, the adjustment of a model (based on performance information)
to determine system characteristics (event information) which is then
used to generate the primary system performance gradient information.
From a general viewpoint it would appear that event information is most
ugeful for initial gross restructuring, and performance information best

used for subsequent "fine tuning'.

3.2 Method of Approach

The remaining chapters will be concerned with reorganization
based on event information. The greatest emphasis will be on obtaining
event information from raw system data. Taken together, the results
provide a basis for a coherent self-reorganization scheme. However,
in so far as is possible, the several areas have been developed inde-
pendently so they each may be of independent interest.

The bésis system configuration is shown in Figure 3-1. The

guantities shown ar= defined as follows:

%(t) -- (n-dimensional) plant state vector.
u(t) — (r-dimensional) actual control vector. This is the
actual control applied to the plant by the effectors.

Each component of u(t) corresponds to one effector.
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y({t) — (m-dimensional) sensor output vector. Each

component of y(t) corresponds to one sensor.

%(t) -- (n-dimensional) estimated state vector.
ud(t) -- (r-dimensional) desired control signal.
c(t) — (rc—dimensional) command signal. This may be

zero for a regulator type control system or nonzero

for servomechanism type control.

The plant (enclosed in the dotted line) is defined to include plant
dynamics, effectors, and sensors. The following set of equations
describe the plant behavior (excluding plant disturbances and sensor

noise).

Plant dynamics: x(t) = Ax(t) + Bult) (3-1)
Effectors: uft) = ud(t) (3-2)
Sensors: yt) = Cx(t) (3-3)

The matrices A, B, and C are time-invariant and have dimensions

{n X n), (n X r), and (m X n) respectively. The significant feature of
this plant description is that the effectors and sensors are assumed to
be nondynamic. In situations where effectors or sensors have signifi-
cant dynamics, such dynamics may be included in the linear plant
dynamics (3-1) through the use of an enlarged state vector. The simple
identity relationship (3-2) assumed for the effectors is taken for con-

venience. A more general functional relationship such as
u(t) = f(ud(t)> (3-4)
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can be brought into the form of (3-2) by defining a new desired control

vector
w () = f(ud(t)> (3-5)

The feedback loop consists of a state estimating filter and a
feedback control law generator. The filter may be designed to minimize
some statistical measure of the error between x(t) and %(t), such as in
a Kalman filter, or it may be designed deterministically so that X(t)
approaches x(t) asymptotically in the absence of disturbances. The
latter is often referred to as an ''observer' [15] . This particular
configuration for the feedback loop is usually seen in an optimal control
formulation. The separation theorem [20] suggests this kind of
structure, and it has been heuristically extended with the proposed use
of observers [15,19] . Briefly, the idea is to solve the optimal control
problem, assuming the state vector is known, to obtain a state feedback
control law. Then since the state vector is not completely known, an
estimate of the state (from a Kalman filter or an observer) is used
instead to generate the control signal. In these formulations there is
no external command signal, c(t). By allowing c(t) to be nonzero, a
servomechanism type formulation is possible, and the state feedback
control law can be designed to satisfy classical servoanalysis criteria.

For the purpose of this research it will be assumed that all events
occur in the plant and restructuring takes place in the feedback loop.

A reliable data processing capability is presumed. The data processing
equipment may have internal redundancy and self-correcting capabilities
of its own in order to achieve reliability. The design of reliable data

processing equipment is the subject of considerable (and continuing)
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research [ 9,10,11,18,24], so it will not be belabored here. The

following events will be considered:

(1)

Effector failure -- a departure from the intended
operation of the effectors described by Equation (3-2).
A failure in the ith effector is modeled mathematically

as
ult) = ugylt) + gr_.ln(t) (3-6)

A . . ) .th .
where eri 1s a unit r-vector in the i coordinate

direction
_ . -
0
A .th .-
e.; = 1 | =.«—— i position (3-7)
0
0

and n(t) is an arbitrary scalar time function.

Sensor failure — a departure from the intended
operation of the sensors as described by Equation (3-3).

A failure in the ith sensor is modeled as

yt) = Cx(t) + &_.n(t) (3-8)

A . . . .th .
where €L 152 unit m-vector in the i~ coordinate
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direction and n(t) is an arbitrary scalar time

function.

(3) Changes in plant dynamics -- changes in the elements

of the matrices A, B, or C.

The problem of detecting and identifying these events is discussed in
greater detail in Section 3.3.

The restructuring problem is concerned with altering the feed-
back control law and the state-estimating filter to compensate for the

events described above. This problem is discussed in Section 3.4.

3.3 Detection and Identification Problem

The problem of identifying events from raw system data is con-

sidered in two steps — detection and identification.

3.3.1 Detection and the Detection Filter

Detection refers to the process of obtaining event informa-
tion based on accessible signals from the plant. The desired control
vector ud(t) and the sensor output vector y(t) are assumed to be
accessible signals. Since all events are assumed to occur in the plant,
the feedback loop is not consider}ed in the detection process.

A solution to the detection problem is developed in
Chapter 4 in the form of a detection filter. The detection filter is a
linear filter driven by the accessible signals ud(t) and y(t). The output
of the filter is an ''expected’ sensor output vector. It represents the
sensor outputs which would be obtained if there were no failures,
changes, or other disturbances. That is, if there are no disturbances,

the filter output will approach the actual sensor output vector
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asymptotically as the effect of initial condition errors settles out.
When disturbances do occur there will be a difference between the
expected output from the filter and the actual output from the sensors.
This difference or error signal is the source of the desired event
information. The detection filter is designed so that when particular
events occur the resulting error signal behaves in a manner which is
unusual and easily recognizable. Event information is obtained by
looking for these unusual error responses.

It happens that in the absence of any disturbances, not
only does the filter output approach thev sensor output, but the state of
the filter approaches the state of the plant. In this sense the detection
filter is also a state-estimating filter. In some cases it may even be
desirable to allow the detection filter to serve also as a state estimator.
However, a filter designed for state estimation will not be a successful
detection filter except by mere coincidence. Whereas a state-estimating
filter is designed to suppress all errors as much as possible, the
detection filter is designed to enhance and make easily recognizable
those errors which result from certain events. The filter must be
specifically designed to achieve this. The reason a detection filter may
also be a successful state estimator is that it can (and should) be
designed to suppress errors other than those associated with the events
it is designed to detect. Therefore, in the absence of those particular

events the errors should be small.

3.3.2 Identification Decisions

The event information obtained from the detection process,

although highly correlated with the related event, may not be sufficient
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to identify a specific event with absolute certainty. Such uncertainty
may be the result of noise disturbances, simultaneous multiple events,
or events which are simply not distinguishable from each other based
on the available data. Identification decisions are concerned with the
problem of identifying the most likely event or events in the face of
these uncertainties. Chapter 5 discusses some standard techniques for

making such decisions.

3.4 Feedback Restructuring

Feedback restructuring is concerned with finding a suitable
feedback control law and state-estimating filter to compensate for the
events defined in Section 3.2. As was mentioned in Section 3.3.1, it is
possible to use the state of a detection filter as a state estimate,
eliminating the need for a separate state-estimating filter. In this case
restructuring of the filter is taken care of in the solution to the detection
problem and need not be considered as a separate restructuring problem.
Even if a separate observer is used, the detection filter results of
Chapter 4 can be used as the basis for restructuring algorithms for the
observer. If a true, statistically optimal Kalman filter is desired, the
Riccati equation for it will have to be resolved in whole or in part. If
the speed of convergence of the Riccati equation solution is doubtful, the
use of a detection filter as a temporary state-estimating filter is
suggested.

Chapter 6 deals with the problem of restructuring a linear state
feedback law. The main objective will be to achieve closed-loop
stability with a minimum of calculation. Several secondary objectives

will also be considered, however. Although the original feedback law
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may have been determined optimally, the time required presently to
solve most optimal control problems seems to preclude the use of
on~-line optimal solutions as a basis for reorganization. The quadratic
cost, linear regulator problem, which involves solving a matrix Riccati
equation, may be one exception. But a linear feedback law, quickly
obtained, could be used to achieve a stable operating conditio,‘n while the
more time-consuming optimal control solution is obtained. Or, a
performance-directed search might be used to arrive at the final

resgtructuring.
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CHAPTER 4

DETECTION FILTERS

4.1 General Discussion

The background and basic formulation of the detection problem
was discussed in Sections 3.2 and 3.3 of the previous chapter. A
proposed solution -- the detection filter -- was briefly described in
Section 3.3.1. This chapter deals with the design of these filters and
the information they produce.

The special case in which the plant state vector is fully
measurable is treated separately in the next section. It serves as an
introduction to the more general case of a partially measurable state

vector.

4.2 Fully Measurable State Vector

The plant being considered is the linear time-invariant system,

including effectors and sensors, described by the equations

x(t) = Ax() + Bu(t) (4-1)
u(t) = uylt) (4-2)
y{t) = Cx(t) (4-3)

The quantities in this plant description are defined and discussed in
detail in Section 3.2. A fully measurable state vector means that for

any time t Equation (4-3) can be solved uniquely for x(t), given y(t).
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Equation {4-3) is so invertible only if
rkC = n (4-4)

This implies that there are at least n independent sensors and m > n.
The detection filter is a linear time-invariant system driven by

the accessible signals ud(t) and y(t). It is described by

z(t) = Gz(t) + Dy(t) + Bpuylt) (4-5)

where z({t) is the n-dimensional state vector of the filter. The matrices
G, D, and Bf (of dimension (n X n), (n X m), and (n X r) respectively)
are to be chosen to produce the desired event information. The error
signal which will be the source of this information is defined as the

difference between the plant state and the filter state
ety = x(t) - z(t) (4-6)
From {4~1) to (4-3) and (4-5)

x(t) - z(t)

i

¢(t)

H

Ax(t) + Bu(t) - Gz(t) - Dy(t) - Bfud(t)

(& - DO)x(t) - Gz(t) + (B - BYu(®) + By (u(t) - u,(t)

(A - DO)x(t) - Gz(t) + (B - Bf)u(t)

(4-7)

Now let
Bf = B (4-8)
A-DC = G {(4-9)



Then the error equation becomes
e(t) = Gelt) (4-10)

If G is a stable matrix (i.e., if all its eigenvalues have negative real
parts) then

lim e(t) = 0 (4-11)

t—>

and z(t) will approach x(t) asymptotically provided there are no dis-
turbances. Satisfaction of (4-8) and (4-9) with a stable G therefore
yields a state estimating filter. Equation (4-8), of course, can always
be satisfied by choice of B;. Because of condition (4-4), there always
exists a D satisfying (4-9) for any G. If m = n, then C—1 exists and the

solution is unique

1

D = (A-Q)C’ (4-12)

If m >n, a (nonunique) solution is

D = (A-a)(cTeyleT (4-13

Mo

which can be verified by substitution into (4-9). Condition (4-4)
guarantees that (CTC)_1 exists.

Having satisfied (4-8) and (4-9) by choice of By and D, G can
now be selected to produce the additional properties desired of a
detection filter. The next three subsections will demonstrate that a

judicious choice for G is
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where I is the n X n identity matrix and of is a positive scalar. It

will be shown that this choice for G results in an error signal whose

direction and magnitude are directly and simply related to the event

which caused the error.

4.2.1 Effector Failure Information

Assume a failure occurs in the ith effector as modeled

in Section 3.2 by
ult) = uylt) + 2. n@) (4-15)

( . . . . . .th .
where /é*ﬁi is an r-dimensional unit vector in the i~ coordinate

direction, and n(t) is an arbitrary scalar time function. Replacing

(4-2) with (4-15) and assuming (4-8) and (4-9) are satisfied, the error

equation becomes

€lt)

i

Gelt) + B’érin(t)

Gel(t) + bin(t) (4-16)

where bi is the ith column of B. Taking G as in (4-14), the solution of

(4-18) is
t
-0 (t-t ) -0 (t-7)
c) = e 0O elt,) + g e f b.n(7) d7
t
o]
- 0 (t-t ) t -0 4{t-T)
= e e(to) + bi e n{7) dTt
t
o]

(4-17)
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Since O is positive, the initial condition term asymptotically approaches
ZEero so
booutt-T) |
et) = b.1 S‘ e n{7) dt for (t—to) >> o {(4-18)
f
t
Note that

t —Of(t-T)
5‘ e n(7) dT
tO

is a scalar time function, so that for sufficiently large t, e{t) maintains
a fixed direction in state space — namely the direction of bi' An error
signal which maintains a fixed direction in the state space corresponding
to some bi is therefore indicative of a malfunction in the ith effector.
In the strict sense €(t) is not an accessible signal
because x(t) is not accessible. However, €(t) can be generated since
(4-3) can be solved uniquely for x(t). It is not necessary to solve for

x(t) if one defines an output error signal.
€'ty = Celt) = y()- Cz(t) (4-19)

which is directly accessible. From (4-18)

FoeoltoT) .
ety ~ Cbi y e n{7) dr for (t-—to) >>OT (4-20)
f
t
o

so €'{t) maintains a fixed direction, Cbi’ in the m-dimensional output
space. Condition (4-4) ensures that each direction in the n-dimensional

state space corresponds to a unique direction in the output space.
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Whereas the direction of €'(t) or €(t) indicates which
effector has failed, the error magnitude contains information about the
nature of the failure, specifically information about n(t). The magni-
tude of €'(t) or e(t) is proportional to the output of a first-order linear

system (with time constant 51—) driven by n{t).
f

4.2.2 Plant Dynamics Information

The detection filter also can produce information about
changes in the elements of the matrices A, B, and C. However, there
are certain changes equivalent to coordinate transformations which can
never be detected from the accessible signals y(t) and ud(t). Even
when detectable, coordinate transformation type changes can be inter-
preted as changes in initial conditions. This will suggest the use of a
standard form for modeling plant dynamics.

Consider a plant whose describing matrices { A, B, C }
undergo a change amounting to a coordinate transformation of the state

gpace. The new matrices are

E = T la7m (4-21)
= -1

B = T B (4-22)
C = CT (4-23)

where T is an n X n nonsingular matrix. Assume the change occurs

at time to when the state of the plant is X(to) =X . The output for

t>1t is
O
=< t
_ At-t) _ N
y(t) = Ce ° x,+ C g eA(t 7) Bu(t)dT (4-24)
5
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If the change had not occurred, the output would have been

t
Alt-t )
y'(t) = Ce © X, * C geA(t_T)Bu(T)dT (4-25)
t

O

Using (4-21) to (4-23), Equation (4-24) can be expressed in terms of

the old matrices

-1 t
T "AT(t-t)) -1 _ ~
y{t) = CTe © x, + CT SeT AT( T)T 1Bu(7)d'r
t
o
1 Alt-ty) - AG-T) -1
= CTT e Tx0+ CcT gT e TT * Bul{7dTt
t
o
Alt-to) t A(t-T)
= Ce TXO+C g Bu(7t)dr
t
0
(4-26)
Subtracting (4-25) from (4-26) yields
Alt-t,)
y{t) - y'(t) = Ce (Tx, - x) (4-27)

If x, is an eigenvector of T with eigenvalue 1, then Tx, =x and
y(t) = y'(t) for all t> 1:0. In this case the changed plant produces the
same output as the old plant would have, so it is impossible to detect

the change based on y(t) and ud(t). If Tx % x_ there will be a
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transient difference between the two outputs. In either case the control
u{t) causes no output differences.

Comparing (4-25) with (4-26) it is clear that the change
given by (4-21) to (4-23) could instead be considered a difference in
initial conditions starting at t,- In the present context of self-
reorganization the latter interpretation is preferred. Changes in A, B,
or C would initiate a restructuring process, whereas a difference in
initial conditions is taken care of automatically by the feedback loop.
For this reason all plant descriptions which differ only by a coordinate
transformation of the state space will be considered equivalent. The
set of all such equivalent descriptions forms an equivalence class.

Any member of an equivalence class can be taken as
representative of the entire class. For the purpose of identifying
plant dynamics it is convenient to take as the representative member
that description which puts the matrix C in the simplest form. In the
case where there are exactly n independent sensors, C is n X n and
the most convenient plant description is the one for which C is the

identity matrix
c =1 (4-28)

With C as in (4-28) the plant equations are

x(t) = Ax(t) + Bult) (4-29)
uft) = ud(t) (4-30)
y) = x(t) (4-31)
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In this description all plant dynamics changes appear as changes in the
elements of A or B. The use of equivalence properties allows changes
in C to be interpreted as changes in A and B while retaining C = I. This
presumes the change in C does not reduce its rank to less than n. If
such a change does occur, condition (4-4) is violated and the state
vector is no longer fully measurable. This situation is dealt with in
Section 4.3 where the state vector is not assumed to be fully measurable.
Assume A and B change at time t, by an amount AA and

AB, so the plant dynamics then become
x(t) = (A+AA)x{) + (B+ AB) ult) (4-32)

Using (4-30), (4-31), and (4-32) for the plant description and the

detection filter as previously developed, the error equation is

€(t) x(t) - z(t)

= (A+AA)x(t) + (B+AB)ult) - Gz(t)
- Dylt) - Bjuylt)

= (A -D+AA)xlt) - Gz(t) + B(u(t) - ud(t)>
+ ABuf(t)

= Ge(t) + AAx(t) + ABult)

= -0s e(t) + A Ax(t) + ABult) (4-33)
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The solution of {(4-33) is

t

—o,(t-t ) o, {t-T)
et) = e L © elt) + AA g e x(7)dT
t
O
t —O'f(t—T)
+ AB g e u{7)dTt {4-34)
£
[

By virtue of (4-30) and (4-31) this can also be written

-0 (-t ) ¢ -0(t-7)
elt) = e e(to) + AA g e y(7)dr

t
O

bo-ot-T)

+ AB § e ud('r)d'r (4-35)
t
¢]

Note that AA and AB have been assumed time-invariant in obtaining
{4-34) and {4-35). After the initial condition term has died out, the

settled-out error is

t -of(t—’r) g ~orf(t—T)
eft) = AA 5 e y(T)dT + AB gﬁ e ud('r)dT
to to
(4-386)
for (t-t ) >> L
o) 0
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With C =1 the accessible output error signal defined by (4-19) is

simply

€'ty = Celt) = €ft) (4-37)

The components of the vector-valued time functions

t —O'f(t-T)

p@t) = § e y(T)ar (4-38)
t
o
! ‘Gf(t‘T)

bt) = g e ugy(T)dr (4-39)
t
o

can be generated as the outputs of first-order linear systems cdriven by
the components of y(t) and ud(t). Identifying changes in A and B can
now be viewed as the problem of solving
V (t)}
€'(t) = AAQ{) + ABU({) = [AA,AB] (4-40)
g (t)
given €'(t), ¢(t), and ¢ (t).
Another useful viewpoint is to consider the error pro-

duced by a change in one element of A or B. Let aij be the ijvth

element of A. Assume a.lj undergoes a change to aij + Aaij at time e

Then
- AAT
AA = Aaij eiej (4-41)
AB =0 (4-42)
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A . . .th .th .
where éi and ej are unit n-vectors in the i" and j~ coordinate

directions respectively. The settled-out error for this situation is

T
A A
aij e ej o (t)

€' (t)

a5 e 9 ,(t) (4-43)

where gbj(t) = @J'.T ¢ (t) is the jth component of ¢ (t).

For a change Abij in the ijth element of B
AA = 0 (4-44)

AB = Ab..8 & . (4-45)

and the settled-out error is

A AT
Abij e erj Y(t)

€' (t)

Abij éi qu(t) (4-46)

An error signal in the direction of 3.1 with magnitude
proportional to ¢j(t) is indicative of a change in aij' An error in the
same direction with magnitude proportional to tIJj(t) indicates a change
in bij‘ The use of error information to determine AA and AB, or
otherwise model the plant dynamics, is discussed in more detail in
Chapter 5.

In case there are more than n sensors {(m > n) one can

I
c = [ } (4-47)
C2 »
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where I is n X n and C, is (m - n)X n. This presumes that the
first n sensors are independent (i.e., the first n rows of C are
independent). If this is not the case, the output vector y(t) can be

reordered to make it so. The output relation is

x(t)
y(t) = (4-48)
C2x(t)

Partition y(t) into two vectors

¥,
yt) = (4-49)

Tot)

where ll(t) is n-dimensional and lg(t) is (m - n)-dimensional. Then

(4-48) is equivalent to

Y0 = =) (4-50)

PN C,x(t) (4-51)

The output ll(t) can be used to generate an error signal
for AA and AB in exactly the same manner as for the case C = I.
Changes in C2 must now be considered in addition to changes in A and B.
lg(t) can be used to produce an error signal for this possibility. Define

a second error vector

gz(t) = Yolt) - Cux(t) = Yolt) - szl(t) (4-52)
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If C

“9 changes to C2 + ACZ

Y-z(t) = (Cy+ AC) x(t) = (Cy+ AC,) 11“) (4-53)

ana

€, = ACy®) (4-54)

Determining ACZ is then a matter of solving (4-54) for AC2 given 52(t)
and il(t)’ both of which are accessible signals.

This development assumes that C does not change in
such a way that the first n sensors become dependent. If that happens,
the first n rows of C would no longer be linearly independent, and there
would be no coordinate transformation which could produce the form of
(4-47). This technique for handling the case m > n is appropriate only
if there exists n sensors which can be counted upon to remain always
independent, thus ensuring the state vector will always be fully
measurable by those n sensors. If this is not possible, the techniques

of Section 4.3.6 can be used to obtain plant dynamics information.

4,2.3 Sensor Failure Information

It was shown in Section 4.2.1 that an effector failure
produces an error signal whose direction is associated with the
malfunctioning effector. The situation is similar for sensor failures,
except that the information provided by the error direction is not as
precise. It will be shown that, in general, the error produced by a
sensor failure will lie in a two-dimensional plane.

Assume a failure occurs in the ith sensor as modeled in
Section 3.2 by
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y(t) = Cx({) + emi n(t) (4-55)

where é\mi is a unit m-vector in the ith coordinate direction, and n(t)
is an arbitrary scalar time function. Replacing (4-3) with (4-55) in the
plant description, and using the same detection filter as before, the

error equation is

il

é(t) x(t) - z(t) = Ax(t) + Bult) - Gz(t) - Dy(t) - Bt

(A - DC) x(t) - Gz(t) + B(u(t) ; ud(t)) - DE_. )

m

"

Gelt) - Dem].L n(t)

i

- ope(t) - D@mi n(t) (4-56)

The solution of (4-586) is

-0 (t-t ) . f -0, (t-7) |
elt) = e e(to) - Demi g e n{7)dr {(4-57)
t
o)
and the settled-out error is
A i _Uf(t_T)
ety = —Dem‘l g e n{7)dT {(4-58)
to

Note that .€(t) is not an accessible signal, nor can it be generated from
accessible signals. Equation (4-55) cannot be solved for x(t) because

n(t) is an unknown. However, the output error
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A

e'(t) = ylt) - Cz(t) = Celt) + €_. nlt)
A ¢ —O'f(t-T)
= - (jDeml 5 e n{7)dT + € i n(t)
t
o

(4-59)
t —O‘f(t-T)
is accessible. n{t) and g e n{7)d7 are scalars, so this
t
settled-out error always lies in the plane formed in the output space by

the two m-vectors, CD'e\mi and gm" In general, €'(t) will move

1

around in this plane. The only cases in which €'(t) maintains a fixed

direction are

. . A _ A
(i) if CDemi = e . (4-60)
or
(ii) if n(t) satisfies the integral equation
t _Uf(t—T)
n{t) = o g e n{7)dTr (4-61)
t
o

where ¢ is an arbitrary scalar constant.
. A A :
The error plane defined by CDemi and € s the same
for all equivalent plant descriptions. Equivalent descriptions are

related by the coordinate transformation equations (4-21) to (4-23).

The transformation relation for D is
D = T'D (4-62)
which may be verified by transforming Equation (4-9) for D. Then

—=A _ - A _ A
CDemi = CTT Dem.1 = CD € i \ {4-63)



When m = n and C is taken as the identity matrix as in

Section 4.2.2, (4-9) and (4-14) can be solved uniquely for D to obtain

D = A + O'fI {(4-64)
Then
A A _
emi = e.1 {4-65)
and
_ A _ A
CDemi = Dei = (A+ O'fI) e
— A -
= a; + Gf e {(4-66)

where a, is the ith column of A. Then (4-59) can be written

! -of('t-T) A
e {t) = —(ai+ Uf@i) S‘ e n(’r)d'r+e.ln(t)
%
o
b ogdeT)
= -a, § e n{T)dT
to
t
-0 (t-7)
+ /él l:n(t) - O, S‘ e f n(T)d’r}
£
o

(4-867)
The two-dimensional error plane is uniquely determined by a; and %ég
(1If a; happens to lie along the direction of ei then the error plane is
degenerate, and the settled-out error will lie in the fixed direction of '@% o)

A settled-out output error which remains confined to a plane formed by

c . . . . .th
ai and ’é‘i is indicative of a failure in the 1" sensor.
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Each of the m sensors can be associated with an error
plane in the output space. An error signal which remains in one of
these error planes is indicative of a failure in the associated sensor.
Since there are m error planes in the m-dimensional output space,
these planes will intersect {unless all m planes are degenerate).
However, even when the error planes associated with two different
sensors intersect, it is still possible to differentiate between failure

of the two sensors, except in the following special cases:

(1) The two error planes are coincident, or in effect,

both sensors have the same error plane.

(2) The error signal maintains a fixed direction
coincident with the intersection of the two error
planes. In order for this to occur, the scalar n(t)
representing the sensor failure in (4-55) must

satisfy a particular equation of the form of (4-61).

Sections 4.2.1, 4.2.2, and 4.3.3 have described the
error signal which the detection filter produces in response to
individual effector failures, changes in plant dynamics, and sensor
failures. Chapter 5 discusses the problem of processing the error
signal to identify the most likely event (or events) in the face of
uncertainties resulting from noise disturbances, simultaneous
multiple events, or events which are indistinguishable based on error
direction alone. The exceptional cases mentioned above are examples

of the latter.
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4.3 Partially Measurable State Vector

A partially measurable state vector means that
rk C<n (4-68)

so (4-3) cannot be solved for x(t). In the previous section it was shown
that when the state vector is fully measurable, a single detection filter
can produce information about all three types of events - effector
failure, sensor failure, and dynamic changes. When the state vector
is only partially measurable, the capabilities of a detection filter are
more limited. A single filter, in general, will not be able to produce
all the information that the filter in Section 4.2 does. However, the re-
sults of this section will show that if the plant is observable, i.e., if
(A, C) is an observable pair, any piece of event information found in
Section 4.2 can be produced by some detection filter. The limited
capacity lies in the fact that it may take a number of different filters fc
provide all the event information.

In order that the results which follow will be generally applicable
to all three types of event information, a detection problem will be
defined in formal mathematical terms. The detection filter will still be
described by Equations (4-5), (4-8), and (4-9). Throughout Section 4.2

the state error defined by (4-6) always satisfied an equation of the form

€t) = Gelt) + fv (t) (4-69)

where f is a time-invariant n-vector and Ve(t) is a scalar. Specifically,

(i) f= bi and Ve(t) = n(t) for an effector failure,
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.. s _ A -
{i1) f= e and Ve(t) Aaijxj(t) or
V€(t) = Abijuj(t) for a dynamics change, and

= A
{iii) = Dem.

; and Ve(t) = n(t) for a sensor failure.

Equation (4-69) describes the state error for what will be considered
a "simple'' event — one effector failure, one sensor failure, or a
change in one element of A or B.

As before €(t) is not an accessible signal. The accessible error

signal is the output error
et(t) = y{t) - Cz(t) (4-70)
For effector failures and dynamic changes, (4-3) is valid and
€'(t) = Celt) (4-71)
For sensor failures (4-55) replaces (4-3) and

€'ty = Celt) + 'ém.ln(t) (4-72)

The key feature of the detection filter in Section 4.2 is that the settled-
out error €(t) for a single event maintains a fixed direction in the state
space. Of course, this also means that Ce(t) maintains a fixed

direction in the output space. This is accomplished by choosing G = -¢ .I.

f

Under condition (4-68), however, Equation (4-9) no longer has a solution,

D, for every G, and in particular may not have a solution for G = -¢ _I.

f
To make the limitations on G more explicit the state error equation
{4-69) can be rewritten as
€(t) = (A-DC)elt) + fv (1) (4-73)

by use of (4-9).
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The design of detection filters is primarily concerned with being
able to specify certain properties of the matrix (A - DC) by choice of D.
It is known that if (A, C) is an observable pair, then all n eigenvalues
of (A - DC) can be arbitrarily specified by choice of D[24] . The
following definition concerning specification of eigenvalues of a matrix

will be useful in what follows.

Definition 4.1 . The eigenvalues of an n X n matrix can be
specified almost arbitrarily if there exists a set of integers {nl, e, 1
with

n1+ +n£ = n (4-74)

such that the eigenvalues can be specified n, at a time.

For a real matrix this imposes a slight restriction on the
specification of complex eigenvalues, because they must appear in
complex conjugate pairs. For example, in the case of a real 4 X 4
matrix (n = 4) with n, = 3 and n, =1, three of the eigenvalues must be
specified as a group, then the final one is specified separately. Since
complex eigenvalues must occur in conjugate pairs, the group of three
eigenvalues can have at most one complex pair with one real eigenvalue.
The final eigenvalue specified separately (as a group of one) must be
real. The possibility of two complex conjugate pairs of eigenvalues is
therefore ‘excluded.

A formalized definition of detectability can now be stated.

Definition 4. 2. The event associated with the vector f in (4-~73)

is detectable (or simply, f is detectable) if there exists a matrix D
such that
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{1) Ce(t) maintains a fixed direction in the output space
{(where ¢(t) is the settled-out solution of (4-73) with
Ve(t) an arbitrary scalar time function), and

(2) at the same time, all eigenvalues of (A - DC) can be

specified almost arbitrarily.

Condition (1) is the distinguishing feature of a detection filter
and is the source of the event information. There are several reasons
for condition (2). The matrix (A - DC) should at least be stable so
that the initial condition term in the solution of (4-73) will die out.
Otherwise Ce(t) will not settle out to a fixed direction. But beyond
this, it would be desirable to have enough control over the eigenvalues
of (A - DC) to be able to influence the time required for Ce(t) to settle
out. A second reason for wanting to control the eigenvalues of (A - DC)
is that it would then be possible to tailor the dynamics of the system
{4-73) to the expected dynamic characteristics of the drive function
vééiw, thereby enhancing the output error signal. Finally, condition (2)
is somewhat easier to deal with mathematically than some alternative
possibilities. What can be gained (and lost) by weakening condition (2)
will become clear later in this chapter.

The next section deals with the detectability of a simple event.
Sections 4.3.2, 4.3.3, and 4.3.4 are concerned with the problem of
detecting a number of events with a single filter. The final three sections

adapt the general results to the three types of events.

4,3.1 Detection Theorem

The main result of this sectionis the following theorem.
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Theorem 4.1. Every vector in the state space R™ is

detectable in the sense of Definition 4.2 if and only if (A, C) is an
observable pair.

The proof of this theorem is based on a number of inter-
mediate results concerning properties of finite-dimensional linear
vector spaces. The following lemma establishes the connection between
these vector spaces and condition (1) in the definition of detectability.

Lemma 4.1. Condition (1) of Definition 4.2 is satisfied

if and only if
rk C[f, (A -DC)E, ..., (A -DO)* 1] = 1 (4-75)
Proof: The settled-out solution of (4-73) is

¢
e(t) = g o[ A-DC] (t-7) P (7)dr (4-76)

t
O

Applying the remarks of Section 2.2 to the present situation, one may
conclude that €(t) in (4-76) lies in the controllable space of f with

respect to (A - DC), or equivalently in the range space of
W, = [f, (A-DO, ..., (a-DCO)* 1] (4-77)

Therefore. e(t) may be expressed in the form of (2-18),
elt) = Weglt) (4-178)

for some n-vector g(t) which depends on ve(t). Then
Ce(t) = CWalt) (4-79)
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If rk wa = 1, then the range space of CWf is one-dimensional and it
follows immediately that Ce(t) lies in a fixed direction for any g(t).
Therefore (4-75) is sufficient.

By the definition in Section 2.2, all states in the
controllable space of £ can be driven to zero by some (control) v€(t).
But a state trajectory for (4-73) can be followed in either direction,
so it is also possible to reach every state in the controllable space of f
starting from the origin. This means €(t) can be driven to any state
in the range space of We. Therefore condition (1) can be guaranteed
for arbitrary vg(t) only if rk CW, = 1. This establishes necessity and
completes the proof.

Finding a D which satisfies (4-75) is the first step in
designing a detection filter. The following definition is made for future
ease of reference.

Definition 4.3. An n X m matrix, D, satisfying (4-75)

will be referred to as a detector gain for f.

The next lemma introduces a type of vector associated
with £ which will be important not only in the proof of Theorem 4.1 but
also in the actual design of detection filters.

Lemma 4.2. If

(1) (A, C) is an observable pair,
(ii) rk W, = k, and
{1ii) rk CWf = 1

where W, is defined by (4-77), then there exists an n-vector, g, in the

controllzble space of f (with respect to [A - DC] ) such that
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C
CA
. g = 0 (4-80)
cak2
and
caklg +£ ¢ (4-81)
Proof: Now
C(A - DC) = CA - CDC (4-82)
C(A -DC)2 = CA(A - DC) - CDC(A - DC)
- CA2 - CADC - CDC(A - DC)
(4-83)
and, in general,
ca -pey = cad - callpe - cal™?pea - po) -

- cpe(a - poyl (4-84)
for any j. This sequence of equations is equivalent to the single
matrix equation

— = - - ™
C c | C
C(A - DC) CA ~ | c& - po)
. - . - T
]
 &a - pey | cal | & -poy |
(4-85)
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where % is an me(j + 1) me(j + 1) triangular matrix given by
N

0 0
CD.
%j = | cap
| callp ... cap o> 0
(4-86)
From (4-83),
[ C i C
R C(A - DC) CA
[1+ 7] - = -
j
&a - Do) LbAj
(4-87)

From the form of ’ll\‘j in (4-86) it is clear that [I+ ’/I\‘j] is nonsingular.

Taking j = k - 2, (4-87) implies that (4-80) is satisfied if and only if

- .
C(A - DC)
. g = 0
C(a - DC)E2

(4-88)
As was noted in Section 2.2, condition (ii) implies that

the range space of the truncated matrix
= k-1
Wep = [f, (A-DC)E, ..., (A -DC) f] (4-89)

has dimension k and coincides with the controllable space of f. Any
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vector in this space can be expressed (uniquely) as

where 8 is a k-vector.

—

c
C(A - DC)
C(a - DO

g

Wer B

Substituting (4-90) into (4-88) yields

-2

-

fT’8

-
CWfT

C(A - DC) WfT

- k-2

C(A - DC) WfT

(4-90)

(4-91)

Since B is a k-vector, (4-91) will have a nonzero solution if anc only if

Now

rk

rk

CW T

c(a - DC)WfT

C(A - pe)E 2w

T

CWfT

C(A - DC)WfT

(A - DCYE 2w

k-1

IN

j=1

>: vk [ca - poyi-l w

T

fT]

Recall that the controllable space of f is an invariant subspace.
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Therefore

(A-DC)WfT = W..P (4-94)

fT
for some k X k matrix P. Then

- pcy - ] -
(A - DCY W, Wer P (4-95)

for any j 2 0. From condition (iii)

rkC’WfT = rk CW, = 1 {4-98)

e - J = J =
rk C(A - DC) WfT rk CWfT P < rk waT 1
{(4-87)

Applying (4-97) to (4-93),

s g

CWfT
C(A - DC) We

o
et

T

rk 1

i

k-1

IA
1

[
#
et

ClA - DCYE2 Wer

e

(4-98)
and therefore (4-91) does have a nonzero solution for 8. Then g given
by (4-90) is also nonzero and satisfies (4-88) and (4-80).

Relation (4-81) follows from condition (i). Suppose

caf'leg = o (4-99)

Together with (4-80) and (4-87) this would imply
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- . -
C(A - DC)
. g = 0 (4-100)
| ¢ - poyt |
or equivalently,v
k-1
Clg, (A-DC)g, ..., (A-DC) " g] = 0
(4-101)

Now g is in the controllable space of f, which is an invariant subspace
of dimension k. The cyclic space generated by g therefore can have

dimension no larger than k. Then (4-101) would imply

Clg, A-DO) g, ..., (A - pe)r-l gl = 0
(4-102)
or
» .
C(A - DC)
] g = 0 (4-103)
C(a - Do)l
But with (4-87) this would mean
P _
CA
] g = 0 (4-104)
canl
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which contradicts condition (i). One must conclude that (4-99) is not
true. This completes the proof.

Relation (4-81) guarantees that the cyclic space
generated by g (the controllable space of g with respect to [A - DC)) is
of dimension k, and so ccincides with the controllable space of f. Note

also that (4-80) yields

[g, (A-DC) g ..., (A-DC¥ gl = [g Ag, ..., AKX 1g]
(4-105)

1{°1g} form a basis for the

so the set of vectors {g, Ag, ..., A
controllable space of f. It should not be construed from (4-195) that

the cyclic space generated by g with respect to A also has dimension k.

It can be larger. Now f can be expressed as
f = og+ Q,Ag + ... + @, A" g (4-106)

for some set of scalars {a;, ..., @ }. The magnitude of g is not
restricted by (4-80) and (4-81). It will be convenient to take the magni-
tude so that the (nonzero) term in (4-106) with the highest power of A
has a coefficient of unity. Premultiplying (4-106) by C and using (4-80)

gives

ct = a caklg (4-107)

If Cf # 0 then Q. # 0 and the magnitude of g is taken so that o = 1.

In general, if for some nonnegative integer u

(4-108)
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then

(4-109)

and g is taken so that ak‘u = 1. The fact that (A, C) is an observable
pair guarantees that (4-108) is true for some y <k - 1. This follows
by the same reasoning used to prove (4-81). With the magnitude of g

taken as above,

k-2 k-1

fo= g+ ...+ 0 A g + A g ifCcf#0
(4-110)
or
_ K-y -2 k- -1
f o= gt o b0 A g + A g
if (4-108) applies (4-111)

Definition 4.4. An n-vector, g, satisfying (4-80),

(4-81), and either (4-110) or (4-111) is defined to be a k' order

detection generator for f.

This terminology is motivated by the role which detection
generators play in the design of detection filters. Specifically, =
detection generator for f can be used to generate a detector gain for f.
Lemma 4.2 demonstrates that there always exists a detection generator
associated with a detector gain. The construction of the detection

generator in that lemma is based on knowledge of D, since W and

fT

in (4-90) depend on D. However, the definition of a detection generator
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depends only on A, C, and f, so conceptually it is independent of any
particular D. The next theorem shows that if a detection generator

can be found by some means based only on A, C, and f, then it is
possible to write down immediately a solvable equation for D which

not only yields a detector gain, but also allows arbitrary specification

of k eigenvalues of (A - DC), where k is the order of the detection
generator. The construction in Lemma 4.2 is not an appropriate

method for finding a detection generator because it is based on knowledge
of D. The problem of finding a detection generator will be discussed
later.

Theorem 4. 2. If the conditions of Lemma 4.2 are

satisfied, and the k eigenvalues of [A - DC)] associated with the

controllable space of f are given by the roots of
s +pks + ... +p28+p1 = 0 (4-112}

where the p, are scalars and s is a complex variable, then D must be

a golution of

DCAk—lg = pg * pyAg+ ...+ pAT g+ Ag

(4-113)
h

where g is a kt order detection generator for f. Conversely, if there
exists a kth order detection generator, g, then any solution of (4-113)
is a detector gain for f, and k eigenvalues of [A - DC] will be given by

the roots of (4-112).
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Proof:
Assume the hypothesis for the first part of the theorem.
Applying the remarks of Section 2.2 to this situation with (4-112) given

implies

(A -DO)t = - pif - Py(A - DC)~... - p (A o) R
(4-114)

Lemma 4.2 establishes the existence of a kth

order detection generator
g. Since g as well as f is a generator of the controllable spaée of f,

(4-114) applies to g also

(A -DOg = -p,g-pyld - DO)g - ... - py (A4 - DOV g
(4-115)

Using (4-105), (4-115) reduces to

(a -po)a*lg = aFg-pca¥lg = -pg-...

(4-1186)
which is equivalent to (4-113). This proves the first part of the theorem.
Assume now there exists a kth order detection generator,
g. Let D be any solution of (4-113). Equation (4-115) follows from (4-113})
by reversing the development above. Therefore g generates a cyclic
space of dimension k with associated eigenvalues given by (4-112).

Moreover,

rkClg, (A-DC)g ..., (A -DC)¥ 1g] = rkclg, Ag, ..., A5 g]

= rk[o, ..., 0, caFlg] = 1

(4-117)
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so D is a detector gain for g. But f is contained in the controllable
space of g by virtue of (4-110) or (4-111). Hence the controllable
space of f is contained in that of g, and so D is a detector gain for f
as well as g. If the controllable space of f has dimension k, then it
coincides with the controllable space of g and has associated eigenvalues
given by (4-112). But the fact that g is a kP order detection generator
and D satisfies (4-113) does not necessarily mean that the controllable
space of f has dimension k. For certain values of the coefficients p;
it may have dimension less than k. In that case the eigenvalues
associated with it are a subset of the k roots of (4-112). In either case,
k eigenvalues of [A - DC] are given by (4-112). This completes the
proof of Theorem 4.2.

With the use of (4-110) or (4-111), Equation (4-113) may

be put in a more convenient form. Premultiplying (4-110) by C yields

cakly - cf (4-118)

which gives

ko~

Dcf = +p1g + ...+ A 1g + Akg (4-119)

P

as the equation for a detector gain when Cf # 0. Premultiplying (4-111)

by CAM yields

cafly = cafe (4-120)

which gives

Deaft = +pg+ ...+ paflg + afg (4-121)
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for the detector gain when (4-108) applies. It is cumbersome and
unnecessary to carry along results from both (4-110) and (4-111),
since (4-110) can be viewed as a special case of (4-111) with u = 0.
But rather than using the general form, the algebra will be simpler and
more readable if (4-110) is used and (4-111) is brought into the form of

(4-110). This can be done by premultiplying (4-111) by A* to get

k-2 k-1

AHr o= o Afg + ..+« A T%g + AT g

1 k-u -1
(4-122)
All the results which follow from (4-110) can be applied to the general
case by replacing f with A#f and di with ai-u fori=1, ..., k
(defining ai'u =0 for i< u).
The solution of (4~119) is developed in the lemma below.
Because the results will be used again later, it is presented in 2

general form.

Lemma 4. 3. Let D, S, and Q be matrices of dimension

nX m, mX £, and n X £ respectively. If rk S =£ then the general

solution of the equation

DS = @ (4-123)
is

D = QTS tsT + prl1-seTs) 8T (4-124)

where D' is an arbitrary n X m matrix.
Proof:
The general solution of (4-123) can be expressed in the

form

D = Dp + D (4-125)




where Dp is a particular solution of (4-123) and D0 is the general

solution of the homogeneous equation

DS = 0 (4-126)

Since rk S =1, rk(STS) =f and (STS)“1 exists. A particular solution

of (4-123) is

D, = Qists)y 1 sT (4-127)

which can be verified by direct substitution.
It can be shown that the general solution of (4-126) can be

expressed in the form

D = Dr1-s6Ts)1sT

o (4-128)

where D' is an arbitrary n X m matrix. Let Dc; be any solution of

{4-128). Take D’=D(;. Then
prl1-ssTe) tsT] = D(;[I—S(STS)_lsT] = D! (4-129)

Therefore, all solutions of (4-126) can be expressed in the form of
(4-128). On the other hand, D'[I - S(STS)_lsT] is a solution of (4-126)

for any D', since
p1-56Ts) sT]s = ps-s] = o (4-130)

Substituting (4-127) and (4-128) into (4-125) gives (4-124) and com-
pletes the proof.

Specializing this result to (4-119) gives
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D = [pg+ ... + pa"lg + ] [(enTer] Hen™T

+ D [1 - ctlcnT cf] -1(Cf)T:|
(4-131)
as the general solution of (4-119). Note that [(Cf)TCf] is a nonzero

scalar since Cf # 0. For D given by (4-131)
A-DC = A-[pg+ ... + 251 [enTee] YenTte

- D'[I - ctl(cnTes) ‘1(Cf)T] c

= AT-D'CT (4-132)
where
At = A-lpg+ ... + pa" g+ A% ] [enTer) HenTe
(4-133)
and
cro= [I— Cf[(Cf)TCf]—l(Cf)T]C (4-134)

A brief summary of what has been accomplished up to
this point is probably useful. The [A - DC] given by (4-132) satisfies
(4-75) which is equivalent to condition (1) for the detection of f.
Condition (2) remains to be dealt with. In the process of finding a
detector gain given by (4-131), k eigenvalues of [A - DC] can be
specified arbitrarily by selecting the set of coefficients {pl, cees pk}
as desired.. Condition (2) will be satisfied only if there is enough
freedom left in the choice of D to almost arbitrarily specify the
remaining (n - k) eigenvalues of [A - DC] . The arbitrary matrix D'

represents the freedom left in the choice of D after having satisfied
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(4-119). Regardless of the choice of D', condition (1) will be satisfied
and k eigenvalues of [A - DC] will be given by (4-112). The question
which now must be answered is, how many additional eigenvalues of
[A-DC]=[A'"-D'C'] can be specified by free choice of D'? The
following lemma answers this question.

Lemma 4.4. IfA’, C', and D' are real matrices of

dimension n X n, m X n, and n X m respectively, the number of
eigenvalues of [A'- D'C']which can be arbitrarily specified by free

choice of D' is equal to q', where

Fo
Cr'A’
q" = rk| . (4-135)
Lé,A yn-1
Moreover, for any D' the remaining (n - q') eigenvalues of [A' - D'C']

are equel to corresponding eigenvalues of A'.
Proof:

This lemma can be proved using the fact mentioned
earlier that all eigenvalues of [A'- D'C'] can be arbitrarily specified

if and only if (A',C'") is an observable pair. Let

_C'

C'A’
MY = . (4-136)

é,A,n—l
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Since rk M' = q', there are (n - q') independent solutions of
M'z = 0 (4-137)

Let {zl, ce e, +} be a set of such independent solutions and define

z
n-q

the n X(n - q") matrix

N' = [zl, ""Zn—q'] (4-138)

Then
rkN' = n-q' (4-139)

and
MIN' = 0 (4-140)

The range space of N' coincides with the null space of M'. The
results in Section 2.3 show that the null space of M' is an invariant
subspace with respect to A'. It follows that the range space of N' is an

invariant space and therefore

N = TPt -14
A'N N'Py (4-141)
for some (n - g') X (n - q') matrix Pllq' Let Né be any n X g' matrix
such that the n X n composite matrix
Ty = [Né,N‘] (4-142)

is nonsingular. Ty can be used to define a coordinate transformation

_ -1
At = Ty A' Ty, (4-143)
C' = C'Ty (4-144)

-1
D' = Ty D' - (4-145)



Then

— - — -1 -1
AY "DYC' = TN' AlTNI - TNY D[C! TN'
- T [A'-D'C'] T (4-146)
N' N'
so[A'" -D'C'] and [A'" - D'C'] are similar matrices and have
identical eigenvalues. Also
C’ C' Ty
- C'A' C'A' Ty
Moo= . = . = M'TN,
=g -1 L
B C'A i i C'A TN'J
(4-147)
and since TN' is nonsigular
rk M' = rk [M'TN,] = rkM' = q' (4-148)
From (4-143)
TN' A" = A'TN, (4-149)
If A' is partitioned into
N At
A11 B2
Al = (4-150)
Al At
21 22

with block dimensions
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o>
[ g
[oay

_quq1

=l
N -
[\

- (n-q") X(n-q"

p|
|

12 Q' X (n-q')

Tt - _ § r
Agy (n-q')X q
then
- o
A1 B19
N - 1 t
Ty B [NC N1
At Al
291 Aga
- 1Rt 1At 1A 1]
= [(NCA11 +N'A) . (NAj,+N'Al)]
{(4-151)
Using (4-141)
1 — § ! H § = H 1 f !
ATy = [A NC,AN] [ANC,NPN]
(4-152)
Substituting (4-151) and (4-152) into (4-149) yields
1R ! 'R 1A 1A 1 - (AN iR
[(NCAH +N'Ay.), (NAL, + N'AL,)] [A N, N'P]
(4-153)
Taking just the last (n - q') columns of this matrix equation
TR 1R 1 - IR}l ~1 54
NCA12 + N A22 = N PN (4-154)
or
- - - -
A1 Ao
t f - -
[NC, N ] TNI ,Q_
Zr -P! Kl - P!
B 22 NJ i 22 I\.I.,
(4-155)




But TN’ iz nonsingular, so this implies

- -
A12
= 0 (4-156)
Kr - p!
L 22 .J
In particular
-, _ )
A12 = 0 (4-157)
S0
- -
All 9
At = (4-158)
A At
A21 A22
Partitioning C' and D' to conform with A"
1 - 1 i -
C [C{, C4] (4-159)
-
Dj
D' = (4-1860)
i
D2

Now by (4-140)

C' = C'Tyn = [C'NJ, C'N']
= [N, 0] (4-161)
SO
cy = C'N] (4-162)
Cy =0 (4-163)
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Then - - _ -

A1 NIt
Al 2 b,y 8
A -DT - .
Rl At NIt
Ag1 Azzj DyCy Y
A1 . e 7]
A1~ D% D
A _ Tyt At -
Ay, - DT AzzJ (4-164)

From the block triangular form of (4-164) it is clear that the eigenvames‘

of [A'" - D'C'] (and therefore of [A' - D'C']) are the combined

; AU It At
eigenvalues of[A11 D;C;] and A},. Now
r_"v ] B rall 7]
C (Cl’ 0)
1A 1 IR
KE! - ? A = (?1A11’ 9)
cEl &ETh p
B _ |18 o B
- _
€1
EIKI
) £ an t I I
_'_'__’n-l
L\ G844 i
(4-1865)
so
-Er 7] r'E, ]
1 1
C!A! C!A!
rk RIS = rkM'= q' = rk EARE
=, ,0-1 _"_IQ'-l
| G181 L Ci811 0 a-160)
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Since A!_  is q' X q', this implies that (A! C{) is an observable

11 11’
pair. Therefore, all q' eigenvalues of the q' X ' matrix ['A_il - f)iﬁi]
can be specified arbitrarily by choice of T)i. The remaining (n - q')

eigenvalues of [A' - D'C'], and thus of [A' - D'C'], are the eigen-
values of KéZ which are not affected by any choice of D'. From (4-158)
it can be seen that the (n - q') eigenvalues of Kéz are eigenvalues of A"
and thus of Af. This completes the proof of the lemma.

With the result of Lemma 4.4 it is now possible to
conclude that the total number of eigenvalues of A - DC = A' - D'C!
which can be specified while satisfying (4-119) is (k.+ q') where q' is
given by (4-135) and k is the order of the detection generator in (4-119).
Condition (2) of detectability will be satisfied if and only if k + q' = n.
The next problem is to find under what circumstances (e.g., for which
detection generators of what order) is k+ q' = n. Since A' depends on g,
it appears that M' given by (4-136) and q' = rk M' also must depend
on g. The following theorem shows that this is not the case. It
establishes the very significant fact that the number of additional
eigenvalues of [A - DC] which can be specified after satisfying (4-119)
does not depend on the particular detection generator g or its order k.

Theorem 4.3. If D is constrained to be a solution of

(4-119) (or equivalently (4-113) ), then the number of eigenvalues of
[ A - DC] which can be arbitrarily specified, in addition to those given

by (4-112), is equal to
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"o .
C'K
rk .
crg™l
where C' is defined by (4-134) and
K = a-at[(cnHT cf] 7t entc (4-167)

Proof:

By Lemma 4.3 all possible solutions of (4-119) are given
by (4-131) with D" arbitrary. The number of additional eigenvalues
which can be specified is therefore the number of eigenvalues of
[A' - D'C'] which can be specified by free choice of D', where A' is
defined by (4-133). By Lemma 4.4 this number is q' given by (4-135).

Premultiplying (4-110) by A yields

At = aAg + ...+ o AFg 4 Al (4-168)

Solving this equation for Akg and substituting the result into (4-133) for

Al gives
_ ) k-1
A" = A [plg + ...+ p AT g
+ Af-a Ag- ... - o A" gl (enTerl e
- K-—zd[(CﬂTkﬁ]“l(CﬂTk: (4-169)
where
z; = pg + (py- ) Ag + + (p, - @ )Ak"1
d 1 2~ % e k= “k-1 g
(4-170)
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By (4-80)

1]

[1 - cil (en et '1<Cf)T] calg

0

for j =

and with CAX g = Cf from (4-118)

CrAk'lg = [1 - cf[(cnTer ”1(Cf)T] CAk'lg
- [1 - cel (enTet] "1(Cf)TJ cf
= C'f = Cf-Cf = 0
Then
cralg = cally - cratenTer] “LienTeoalg
= 0 for j=0, ..., k-2
and solving (4-110) for A% g gives
c'ka®lg = ok (- ag- ... - oek_lAk'zg]
= C'Kf = 0
since
Kf = Af-Af = 0
Assume now
c'Klalg = 0 for j=0, ..., k-1
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., k-2

(4-171)

(4-172)

(4-173)

(4-174)

(4-175)

(4-176)



Then

c'x™alg = cox'allg - crklar [enTer] HenTealg
= CTK]“AJ+1g = 9 for j’:O, ooy k-2
(4~177)
and .
C,KH-IAk-lg - CrKH_l[f - alg - e - ak—l Aknzg]
- crgitly o 0 (4-178)

since Kf = 0. Therefore, by induction, (4-178) is valid for all i > ©
and j=0, ..., k~-1. Since zq in (4-170) is a linear combination of

the vectors {Alg; §=0, ..., k-1}, it follows that

C'K'zg = 0 forall i>0 (4-179)
Then
c'at = c'K-c'zglenTer] HenTe = ok (4-180)
and, in general,
c'at = ¢! forall i>0 (4-181)
Therefore
- _ - _
N CrA" ) C'K
] é,A,n—l_] _.C'Kn—l_,
(4-182)
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Substituting this into (4-135) gives the desired result and completes the
proof.

Note that K and C' do not depend on g or k. Therefore,
M' and g' = rkM' are independent of g and k. This means that regard-
less of what detection generator is used to solve for a detector gain and
regardless of its order, the amount of freedom left in D for specifying
additionzal eigenvalues is always the same. It depends only on A, C,
and f. Recall that the number of eigenvalues which can be specified in
the process of satisfying (4-119) is equal to the order of the detection
generator. It now becomes clear that condition (2) of detectability can
be satisfied if and only if it is possible to find a detection generator of
order (n - q'). Note also that a detection generator can never have
order larger than (n - q'), because this would imply specification of
more than n eigenvalues, which is impossible for an n X n matrix.
This motivates the following definitions.

Definition 4.5. The null space of M' given by (4-182)

is defined to be the detection space of f.

Definition 4. 6. The dimension of detection space of f

is defined to be the detection order of f.

Definition 4.7. A detection generator for f whose

order is equal to the detection order of {f is defined to be a maximal

detection generator (or simply, maximal generator) for f.

Let the detection order of f be denoted by v. The
detection order of f is equal to the dimension of the null space of M', so
v = n-rkM' = n-g' (4-183)
where q' = rk M' with M' given by (4-182). The detectability of f now
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depends on being able to find a maximal generator. The next theorem
establishes the conditions under which this is possible.

Theorem 4.4. If (A, C) is an observable pair, then

every n-vector f has a maximal detection generator and it is unique.
Proof:

For an arbitrary n-vector f, let K, M', and N' be
defined by (4-167), (4-182), and (4-138) respectively with rk M' = q'.

The detection order of f is ¥V =n - q'. Let
g = N'B' (4-184)

where B' is a v-vector to be determined. For a maximal generator

it is necessary that
CA
. g = 0 (4-185)

éAv—Z

Note that K in (4-167) has the same form as [A - DC] with
D = Af| (Cf)TC‘f]-1 (Cf)T. Therefore, Equation (4-87) can be applied

to K to obtain

C C

' ~ CK CA

[1+T)_,] . = . (4-186)
CKV—Z CAV—2

N - i
where Tz'/- has the form of (4-86) with D replaced by Af[(Cf)TCf] 1(@5}?

2
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Since

or with {4-184)

This equation will have a nonzero solution if and only if

Now

[ oN

CKN'

Since M'N' =0,

CK

rk

LCK

- =
C
CK
V=2
\_CK .
Nl ’8!
v-2

N

CKN'

C'KIN'

< rk CN' +

[ oN

CKN'

CK

-

rk CKN' + .

v-2

N!

.+ rk CK”~

is nonsingular, (4-185) is equivalent to

(4-187)

(4-188)

(4-189)

Nl

(4-190)

(4-191)



Substituting (4-134) into (4-191) gives

ckN' - ct[(en T HenTekint = o (4-192)
or
ck'N' = ci[(cnTer) HenToxn (4-193)
Then
rk[CKINY] = rk[Cf[(Cf)TCf]_l(Cf)TCKiN‘:]
< rk(Cfy = 1 fori=0, ..., n-1
(4-194)

Applying (4-194) to (4-190) yields (4-189) and proves that (4-183) has a
nonzero solution. Since rk N' =n - q' =v, ggiven by (4-184) is also
nonzero and satisfies (4-187) and (4-185).

It will now be shown that

ca’lg £ 0 (4-195)

First note that with (4-185)

Kg = ag-afl(cnTer) HenTeg = ag (4-196)
k%g = Kag = A%z - at[icnTcrr YenToag = 4%
(4-197)

and, in general,

Klg = Aig for i=0, ..., v-1 (4-198)

Then (4-195) is equivalent to CKV-lg # 0. From the form of M’ in
(4-182) it follows (from Section 2.3) that the null space of M' is an

(n - g')-dimensional invariant subspace with respect to K. Therefore,
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g, which is in the null space of M', can generate a cyclic subspace with

respect to K of dimension no larger than (n - q') = ¥. This means that

he range space of [ g, Kg, ..., Kn"lg] coincides with the range space
of [, Kg, ..., K" 1g]. Now if CK” !g = 0, this together with (4-187)
gives Clg, Kg, ..., K’ 1g] = 0 which implies Clg, Kg, ..., K" g] = 0,
or

C

CK

. g = 0 (4-199)

_CK“‘1

Again applying (4-87) to K with j = n - 1, (4-199) would imply

- sy

C
CA
. g = 0 (4-200)

éAn—l

e -

which would mean (A, C) is not an observable pair, since g is nonzero.

Rut this contradicts the hypothesis, so one must conclude that

ck’ g £ 0 (4-201)

which by (4-198) gives (4-195).

Relation (4-201) guarantees that

rk[g, Kg, .... K g] = v (4-202)

gince by (4-187) Kv_lg must be independent of the vectors {Kig;
i=0, ..., v -2} in order to satisfy (4-201). Therefore, the set of

112



vectors {Kig; i=0, ..., v -1} form a basis for the null space of M'
(or equivalently, the detection space of f}). By (4-198) this set of basis

vectors is the same as the set {Alg;' i=0, ..., v-1}. Now

c'f = Cf-Cf (] (4-203)

and C'Kif =0 for alli >0 because Kf = 0. Therefore,
C'K

f = M'f = (4-204)

(o

yn—1
| C i

so f is in its own detection space. Then f can be expressed as a linear

combination of the basis vectors {Alg; i=1, ..., v-1}

f o= ag+ ahg+ ...+ a,A g (4-205)

It has been shown that g is nonzero and satisfies (4-80), (4-81), and (4-106)
with k = v. By the same argument used previously, the magnitude of g
can be taken so that g satisfies (4-110) or (4-111), thus making it a yth
order detection generator for f. By Definition 4.7 this g is a maximal
detection generator for f.

For completeness, some clarifying remarks should be
made concerning the general case described by (4-108). As mentioned

earlier, this case is obtained by replacing f by Ak, Equation (4-204)

then becomes

M'AMf = 0 (4-208)
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which shows only that AMf is in the detection space of f. However, it
can be shown that f is in this space as well. By the same development

used to obtain (4-198) from (4-185), it follows from (4-108) that

K¥ = A for i=0, ..., u (4-207)

Substituting this back into (4-108) yields

— —

C
CK
. f =0 (4-208)

which in turn gives

C'K
. f = 0 (4-209)

é vKiJ
Substituting (4-207) into (4~206) yields
C'k*

M'ARt = MURMT = | . £ = 0 (4-210)

ok Kn— 1+u

. -

Combining (4-209) and (4-210) gives

114



Cl
C'K
. f = M'f = 0 (4-211)

crg™ 1

- e

and proves that f is in the detection space. Equation (4-205) therefore
is valid for the general case.
The observability condition guarantees that g is unique.

Suppose g4 and gy are both maximal generato‘rs forf. LetAg =g

17 8
Then
o _ - _
CA CA
. Ag =] . (g, -8) = 0 (4-212)
ca?2 cal2
by (4-185). But
caV lag = CAV_lgl ~ca¥ g, = ci-cf =0 (4-213)

If Ag # 0 (4-212) and (4-213) would imply (A, C) is not observable by

the same argument used to show CAV—1 g # 0. Therefore, Ag = 0 and

gl = gz (4-214)

which establishes uniqueness of g. This completes the proof of
Theorem 4.4.

Theorem 4.1 follows quite simply from Theorems 4.2,
4.3, and 4.4. By Theorem 4.4 observability of the pair (A, C) is

sufficient to guarantee existence of the maximal generator, which by
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Theorems 4.2 and 4.3 makes it possible to satisfy both conditions (1)
and (2) of detectability. Moreover, the observability of (A, C) is
necessary in order to satisfy condition (2). This follows from Lemma 4.4.

The following observations are made to reemphasize
several important points and to highlight some additional facts which
are of interest.

1) For a given observable pair (A, C) each n-vector f
has one and only one detection space, detection order, and maximal
generator. Moreover, if A is replaced by A" = [A - D"'C] for arbitrary
D' (with appropriate dimension), the detection space, the detection order,
and maximal generator for f remain invariant. This property can be of
considerable value in determining the detection order and maximal
generator of a vector. As will be seen later, when A and C have a
certain standard form, it is a simple matter to choose a D' which
produces an A" with all elements zero or one, thus making computations
much simpler.

It should be noted also that the developments in this
section remain valid under a coordinate transformation of the state
space. Therefore, the detection order of f is invariant under a
coordinate transformation. The detection space and maximal generator
transform in the same way as f{.

2) Theorem 4.2 states that in order to be a defector gain
D must be a solution of (4-113) for some detection generator. By con-
straining D to be a solution (4-113), (n - q') = v eigenvalues of [A - DC]
are completely fixed. Of these, k eigenvalues can be arbitrarily

specified by choice of the coefficients {pi; i=1, ..., k} in (4-113).
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If a nonmaximal detection generator is used (i.e., k <v) then (v - k) =
(n - g' - k) eigenvalues are fixed without the control of the designer.
In any case, the remaining q' eigenvalues can be specified arbitrarily
by choice of D' in the general solution of (4-113).

3) All detection generators for f (of all orders up to the
maximal) lie in the detection space of f. This follows from the fact,
established in the proof of Theorem 4.3, that C’KiAjg =0 foralli>0
and j=0, ..., k-1 where g is a kth order detection generator for f.
In fact, this shows that all the vectors {Ajg; j=0, ..., k-1} are in
the detection space of f. By the same reasoning used to obtain (4-198)

from (4-185), it can be shown that any K0

order detection generator
satisfies (4-198).

It should also be noted that every n-vector contained in
the detection space of f has the same detection order and detection space
as f. Suppose f has detection order ¥ and g is its maximal generator.
Clearly, g satisfies (4-80) and (4-81) with k = v. Let f2 be any other
vector in the detection space of f. Since the set of vectors {Ajg;
j=0,..., V -1} span the detection space, f2 can be expressed as a
linear combination of these vectors. Then, with the possible exception
of magnitude, g satisfies the requirements to be a pth order detection
generator for fz. This implies the detection order of f2 is greater than
or equal to V. Also, by the remarks in the preceding paragraph, the
vectors {Ajg; j=0, ..., v -1} all lie in the detection space of £y
Since these vectors span the detection space of f, one may conclude

that the detection space of f is contained in the detection space of fz“
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This means f is contained in the detection space of fz. But by the above
argument (with the roles of f and f2 reversed) this implies the detection
order of f is greater than or equal to the detection order vof fz, and the
detection space of f contains the detection space of f2. Therefore, one
must conclude that f and f2 have the same detection order, and their
detection spaces coincide.

4) Although observability of (A, C) is necessary to
satisfy condition (2) of detectability, it is not necessary for condition (1).
A detector gain can always be found provided f does not lie in the
unobservable space of C. This can be shown by employing a coordinate
transformation similar to that used in the proof of Lemma 4.4, which

transforms A and C into the forms

A 0
2 = tlar = | 17 (4-215)
Ro1 Aoz
C = cT = [Cf 0] (4-216)
where (_All’ El) is an observable pair. Partitioning f and D to conform
with A and C

_ 1 1

F o= 1l - (4-217)
£y

_ 9 Dy

D = T'p = (4-218)
D2
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it is easily shown from the form of A and C that

Clf, ..., (& -DC)" 1] TIF, ..., (& - DT

(4-219)
Thecrem 4.1 can be applied to the observable pair (Ell’ f}l) tc show

there exists a D and thus a D, which satisfies condition (1). If f lies

1’
in the unobservable space of C, then the settled-out output error is
zero for any D. Lemma 4.4 shows that if (A, C) is not observable then
there will be a number of eigenvalues of [A - DC] which will be equal
to those of A and which cannot be changed by any D (specifically, the

eigenvalues of A in (4-215) ). Nothing can be gained by accepting a

22
weaker control over the eigenvalues which can be changed. Therefore,
the observability condition can be relaxed only if one is willing to give
up all control over a certain number of eigenvalues of A.

5) It was suggested previously that it would be desirable
to tailor the detection filter dynamics to the dynamic characteristics
of the drive vE(t). It is of interest therefore to determine the resulting

error dynamics when D is a detector gain. The Laplace transform is

a convenient tool for studying the settled-out output error. Consider

E'(s) = Z{Cett)} = cL{et)} = CHS-(A._DCH—ifV£®F

where (4-220)

V (s) = ‘ZT{v€cn} (4-221)

L.et D be a solution of {(4-113). The transfer from Vé(s) to E'{s} is
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invariant under a coordinate transformation of the state space.

a coordinate transformation by the n X n matrix

Define

T, [Tfl, sz] (4-222)
with
k- -
T., = lg Ag ..., A 131 = [g,(a - DO)g, ..., (A - DC¥1g]
(4-223)
where g is a kth order detection generator for f and Teq is any
n X (n - k) matrix which makes T, nonsingular. Let
¢ = 17:'@-por
f f
c = cT, (4-224)
[AEI YO
Now,
(A - DO)T, = [(A - DC)T;y» (A - DC)sz] (4-225)
From (4-115)
(A - DC)T,, = [(A - DC) a - DC)¥g] = T,.G
£1 S g £1711
(4-226)
where
0 O 0 - Py
1 0
Gll = 0 1 (4-227)
® O
0 O ‘1 -
i Pk |
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SO

G11
(A-DCO)T, = T,
9
where
(A - DC) Ty Ty Gy + T
Premultiplying (4-228) by T, yields
G
1 - 11
T, (A -DC)T, = G =
0
Also
C = [CTy, CTy]
with
CTy = [0, ., 0, Cf]
= cf[o, ..., 0, 1]

by (4-80) and (4-118) for Cf # 0. Finally, using (4-110)

with

f

T

f

o —
f - [Tf]_’ T

2]

oy
£

o

T

f1

(®))

)]

12

22

s

£2CG22

N

f

1

Q)

Q)

12

22

(4-228)

(4-229)

(4-230)

(4-231)

(4-232)

(4-233)

(4-234)



50

1
T = (4-235)
0
Now
clis - (& -pe)] Y = Q1s-G] 1k
-1
{Is - Gll) G12 fl
= [CTﬂ,Csz] _
0 (Is - Gy |0
- CT,. (s -G, ) F
f1 11 1
- A -la
= ct{[o, ..., 0, 1](Is - G; )7 ;)
(sk_l-i-a sk_2+...+a)
_ k-1 1
- ( Ky ey + )
s pk o a o pl
(4-2386)
So
Ef(s) = Cf H(s) Ve(s) (4-237)
where
skl 4 @, 4 L ay
sT+p, s ...+
for Cf # 0. For the general case of (4-108),
D'(s) = CAMf H(s) v (s) (4-239)
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with

sku-ly o 4 KB 24 4o
H(s) = R ﬁ : (4-240)

s"+p s B + ...ty

The direction of Ef(s) is, of course, fixed and given by Cf or CAMf.
The magnitude of Ef(s) can be considered the output of a k-dimensional
single-input, single-output linear system with dynamics given by (4-238)
or (4-240). The significant fact to note here is that whereas the
denominator of H(s) —- the poles of the system -- are under the
complete control of the designer, the numerator -- the zeroes of the
system -- cannot be altered by any D. Once a detection generator is
found, (4-113) can be solved to obtain a detector gain without knowing
the coefficients @, in (4-110) or (4-111). However, if time allows

it may be desirable to find these coefficients and determine where the
zeroes of the system lie before deciding where to put the poles.

6) The construction used in Theorem 4.4 to show the
existence of the maximal generator is a feasible method for finding the
maximal generator for f, because all the quantities used in that con-
struction depend only on A, C, and f. Note C' and K are defined in
terms of A, C, and f only. The matrix N' is constructed from M'
which in turn can be defined in terms of C' and K by (4-182). Therefore,
M' and N' also can be constructed from A, C, and f. Appendix A
describes an algorithm for finding the maximal generator of a vector.
The algorithm is based on the construction in Theorem 4.4, but is

somewhat more direct.
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The results of this section show that if (A, C) is
observable, any n-vector f in the state space has a unique maximal
detection generator, which can be constructed from A, C, and f only.

It has not been proven, in general, that f has detection generators of
orders less than the maximal. Lemma 4.2 proved only that a kth order
detection generator must exist if a detector gain D exists which satisfies
the conditions of the lemma. It was noted previously that the construc-
tion used in that lemma is not an appropriate method for finding a
detection generator, because prior knowledge of D is assumed. It is
easily verified, however, that f is a unique first order detection
generator for itself. This suggests a tentative speculation that f has a
unique detection generator of every order from one up to the maximal.

7) There is a duality relationship between these results
on detection and the design of linear state feedback control, which is
concerned with the properties of the matrix (A + BL) with A and B given
and L to be selected. The dual significance of the results in this
section and later sections in this chapter are discussed in Chapter 6.

The results of this section deal only with the detection
of a single event. One of the appealing features of the detection filter
for the case of a fully measurable state vector was that a single filter
could provide all types of event information. As noted at the beginning
of Section 4.3, this will not be possible, in general, when the state
vector is only partially measurable. The next three sections consider
the problem of detecting a number of events with a single filter.

Before proceeding to the next section, a simple example

will serve to illustrate some of the preceding remarks.
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Example E1:

Suppose
(0 3 4
A = 1 2 3 (B1-1)
0 2 5
[0 1 0]
C = (E}.‘Z}
0 0 1]
[ 3
f = 1 (E1-3)
| 0

Note the (A, C) is an observable pair. As noted in remark 1), the maxi-
mal generator, detection order, and detection space of f remain un-

changed if A is replaced by A" = A - D"'C for any D". It is convenient

to take
3 4
D" = 2 3 (E1-4)
2 5

since this yields the simple form

0 0 0
A" = 1 0 0 (E1-5)
0 0 0
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Now

Cf

il
[y
i

and from the definition of C°

cr = c¢-ctlenTet) Yenlc
0 1 0] 1
= - [0 1 0]
0 0 1 0
0 0 0]
= (E1-6)
o 0 1
Using A" to form K
k = a"-a"[(coles] LenTe
"0 o0 o | 0
=11 0o ol - |-3] [0 1 0]
L0 0 o] 0
0 o0 o
= 1 3 0 (E1-7)
(0 0 0]

Then
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0 0 0]
0 0 1
0 0 0
M' = (E1-8)
0 0 0
0 0 0
~_0 0 0 ]
and
rkM' = q' = 1 (E1-9)
The detection order of f is

v = n-qf = 3-1 = 2 (E1-10)

Consider the three~dimensional state space shown in

Figure 4-1. Note that

cl = 8, (E1-11)
Crzr = 8, (£1-12)
so the output vector
y&) = Cx(t) (E1-13)
is simply' the projection of the state vector x(t) on the (32 - ’éa)-— plane.

From M' it can be seen that the detection space of
(the null space of M"') is the (é\l - @2)— plane. The maximal generator

of f must be in this plane and in addition satisfy

Cg = g = 0 (E1-14)




A,

ALt
eBAcg
\
~
~
~
~
~
~
A \a t
€ A - Y( )
€, -7
I
) l
-~
//
7 Xz
-
e
e
x(t)
Figure 4-1.
-
;1 0 0 1
CA“g = g - Cf -
0 0 0 0
These two equations imply that
1
g = 0 = él
0
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Now

A'gs = Kg = Ag = 1 = @ (E1-17)

Note that g and Ag span the detection space of f, as illustrated in Figure

4-2, and
f = -3g+Ag (F1-18)
g
Xy
Figure 4-2.
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[ B g =
it

12 3 X 2 matrix
-

dyq 419
- -19
D dy, dy (£1-19)
d3q dgg

-

will be a detector gain for f if it satisfies

p1g+-p2Ag4-A2g (E1-20)

DCf = D -
. 21
dgy

for arbitrary Py and Py- From remark 5) and (E1-18) it is known that

if D satisfies (E1-20) the output error transfer function will be

oy 1 -
félégl - CfH(s) = A5 = 3) (E1-21)
€ 0| (s™+ Pys + py)
If poles of H(s) are desired at s = -2 and s = -3, for example, then
(s+2)(s+3) = s2+5s+6 (E1-22)
and
p1 = B (E1-23)
‘p2 = 5 (E1-24)
The transfer is then
1 ,
E s -3
() - of m(s) . (S+2)@+3) (E1-25)
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To produce this transfer the first column of D must satisfy

- n
41 1 0 3 9
d21 = 6] 0 |+ 5{1 1+ 2 = 7 (E1-26)
i d31 ] 0 0 2 2
Then
9 d12
D = 7 d22 (E1-27)
2 d32
and
0 -6 4 - d12
A -DC = 1 -5 3 - d22 (E1-28)
0 0 5 - d32

Note that after constraining D to satisfy (E1-20), the entire second
column of D is still arbitrary. The same result is obtained if Lemma

4.3 is used to obtain a solution of (E1-20). In that case

9 1 |

p = |7 ]|Ww!1 0] + DT|I- RS OJJ
0
5 ,
9 0
0 0
= |7 o + D' (E1-29)
0 1
2 0
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and

0 -8 4
0 0 0
A -DC = 1 -5 3 - Dt
0 0 1
0 0 5
- - T
0 6 4 d12
— - - T -
= 1 5 3 d22 (E1-30)
— T
_O 0 5 d32
where
r T
414 di9
ro- r r _
D = d21 d22 (E1-31)
T T
d31 d32

ig arbitrary.

Two eigenvalues of (A - DC) are s = -2 and s = -3 by virtue
of the choice of 1 and Py- From the block diagonal form of (A - DC) in
(E1-28) it is easily seen that the third eigenvalue is (5 - d32), so it can
be arbitrarily specified by choice of d32. Therefore, all three eigen-
values of (A - DC) can be specified.

This will not be the case if a nonmaximal detection
generator is used to find a detector gain. Note that f is a first order
detection generator for itself. Hence, a detector gain for f can be

found by solving

DCf = plf + Af (E1-32)

This will yield an error transfer of
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Vs T CPEG) = STo
€ 0 1
Equation (E1-32) yields
ci[11 -3 3 -3p1 + 3
d21 = Py 1 + -1 = Py - 1
d31 0 2 2
Then
—3p1 + 3 d12
D = Py - 1 d22
2 d32
and
0 3p1 4-—d12
A-DC = 1 —p1+3 3 - d22
0 0 5 - d32

The eigenvalues of (A - DC) are given by the roots of

Is-(A_DC)E

(s+p1)(s—3)(s-5+d32)

<82-F(p1'-3)s-3p1) (s - 5+dg,)

(E1-33)

(E1-34)

(E1-35)

(E1-36)

(E1-37)

Two eigenvalues of (A - DC) are s = Py and s = 5 - d32, and can be

arbitrarily specified by choice of Py and d32.

However, the third

eigenvalue of (A - DC) is always s = 3. This eigenvalue is automatically
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determined when D is constrained to satisfy (E1-32), and it cannot be
altered by any choice of Py d12’ d22, or d32. This is an example of
the uncontrolled eigenvalues which result when a nonmaximal detection
generator is used to solve for a detector gain, as noted in remark 2).
In this example the uncontrolled eigenvalue produces an unstable filter,
but this is not necessarily always the case. For some other f the un-
controlled eigenvalue may yield a stable filter. However, to maintain
control over all eigenvalues of (A - DC), the maximal generator must
e used in determining D.

Consider again the matrix (A - DC) in (E1-28) obtained
with the use of the maximal generator. Even after specifying the third
eigenvalue of (A - DC) by choice of d32, there is still freedom left

in the choice of d,, and d,,. One might ask if this freedom can be

12 22

used to make D a detector gain for a second vector, f,, as well as for f.

21

In this case the answer to that question is yes. First, assume fz lies

in the detection space of f — the (é\l - é\z) plane. Then

fz = Q8 + ozzzAg (E1-38)

for some scalars 0121 and o

gain for f, determined with the use of the maximal generator g, is a

997 and it is easily shown that a detector

detector gain for f2 as well. However, the output error direction

cannot distinguish between events associated with f and f,, because

2:
Cf (E1-39)

so the output error direction is the same for both f and f2. Some
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possible methods for distinguishing such events are discussed later.
As a matter of interest, the error transfer function for f2 in the

detection space of f is

o
s+ 2L . .
E'(s) _ %22 i} D925 T %91
Vg(s} 2 (s+2)(s+3) o |(8+2)(s+3)

(E1-40)
When f2 lies in the detection space of f, the freedom in the choice of
dlZ and d22 is not necessary to obtain a detector gain for both f and f,.

Now suppose f2 does not lie in the (é\l - 82) plane.

Suppose, for example,

1
£, = | -1/2 (E1-41)
1/2
It will be found for this example that the detection order of f2 {and, in
fact, of any vector not in the (31 - /e\z) plane) is Vo = 1. This means

that the maximal generator for f2 is f2' To be a detector gain for f,,

D must satisfy

-1/2

2 = Pyyfy T Al

1/2

(E1-42)
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for arbitrary pyy. The third eigenvalue of (A - DC) will then be

§ =" Poy- Let

Py = 4 (E1-43)
Then (E1-42) yields
I T — .’ - i
d4 dq 9/2
1 1 _
© g e | g | | 7| U2 (£1-44)
d d 7/2
| 31 | 32 i |

Substituting (£1-26) into this equation yields

dy 9 9 18_}
622 = 7 + -1 = 6 | (E1-45)
) d32 2 7 9 J
Then
9 18
D = ;‘ 7 6 (E1-46)
and
0 -6 -14
G = A-DC = 1 -5 -3 (E1-47)
0 0 -4

It is easily verified that for f
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-1

E'(s) = C[Is-G] "{V_(s)
. s - 3 V _(s) (E1-48)
"l G+ (s+3) Y'e'S o
and for f2
, _ -1
E'(s) = C[Is - G] £, ve(s)
-1/2 1
= 2 =57 Vé(s) (E1-49)

so D given by (E1-46) is a detector gain for both f and f,. The

9°

settled-out output error produced by the event associated with f always
1 .

lies in the direction ‘: 0 in the output space. The event associated

i/2
In addition to making D a detector gain for fZ’ it was

-1/2
with f2 produces a settled-out output error lying in the direction { ]

possible to specify all three eigenvalues of (A - DC). Unfortunately,
this is not always possible. Consider what happens when D is constrained

to be a detector gain for fz given by (E1-41) and fl given by

0
fl = 0 (E1-50)
1
The detection order of fl is vy = 1, and f1 is the maximal genersztor.
A detector gain for f1 must satisfy
4
0
DCJ‘?1 = D , pllfl + Afl = 3
Pi1 + 5
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for arbisrary Pyq- This together with Equation (E1-42) for a detector

gain for fz gives

which has the unique solution

)
1

Then

The D given by (E1-53) is a detector gain for both f

eigenvalues of (A - DC)

Is—(A—DC)I

Two eigenvalues of (A -

4 Do, + 1/2
-1/2 /21
= 3 ~1/2 p.. + 3/2
Pyt 5 1/2 py, + 3/2
(E1-52)
- 2py, + 3 4
pz1 3 (E1-53)
"Ppyt Pyt 2 Pyt
0 21321 0
= 1 Py + 2 0 (E1-54)
0 Po1 " P11 “Pig
1 and f2' The
are given by the roots of
= <52+(p - 2)s - 2p ) (s + p..)
21 21 P11
= (s - 2)(s+ p21) (s + pll)
= 0 (E1-54)

DC) can be specified by choice of Pyq and Poy-

However, the third eigenvalue is always s = 2 regardless of the choice
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for Pyq and Poq- This eigenvalue is automatically determined when
D is constrained to be a detector gain for both f1 and f2. In this
example the uncontrolled eigenvalue produces an unstable filter.
This implies that it is not possible to detect both fl and fz with a
single filter. It is necessary to use two separate filters — one for fl
and another for fz.

The uncontrolled eigenvalues do not always cause

instability. If, for example, instead of (E1-41) fé is

1
f2 = 1/2 (E1-55)
1/2
then the detector gain for fl and fz is
2p21 + 3 4
D Pyt 4 3 (E1-56)
Pop " P12 Prp¥ o
and
0 —2p21 0
A -DC = 1 “Pgq1 ~ 2 0 (E1-57)
0 Pyt Py P11
In this case the uncontrolled eigenvalue of (A - DC) is s = -2. If a pole
at s = -2 yields an acceptable settling time for the filter, then fl and f?

can be detected by a single filter with a detector gain given by (E1-56).
The next three sections investigate the problem of detecting a number

of events with a single filter.
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4.3.2 Mutual Detectability

Consider a set of r n-vectors {fl’ ey fr} associated
with a set of r events. The problem considered here is, given such a
set, to determine if it is possible to detect all vectors in the set with a
single detection filter.

Definition 4.8.  The vectors {fl, -+, £} are defined

to be mutually detectable if there exists a D which satisfies the

conditions of Definition 4.2 for all the fi’ i=1, ..., r.
An important special case of this problem is encountered

when the vectors are "'output separable' as defined below.

Definition 4.9. The vectors {fl, oo fr} are defined

to be output separable if

rk CF = r (4-241)

where I is ann X r matrix given by

K1 Ho M
F = [A f. A “f, ... A £.] (4-242)
with M for each i defined by
e - . . 4
CA fi g ; j=1, «.., My 1

N (4-243)
CA'f. # 0

Note that (4-241) implies r < m where C is m X n. This definition

is motivated by the following observation. Suppose two vectors fl and
M
1t andca 2t

u
1?‘2 are not output separable. Then rk CF =1 and CA ~ f

1
lie in the same direction in the output space. This means that even if

2
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a D can be found which is a detector gain for both fl and f2 the output
error for both events will lie in the same direction. Thus the output
error direction will not separate these two events. More will be said
about nonseparable vectors at the end of this section.

The next theorem provides a test for mutual detecta-
bility of output separable vectors. Before stating the theorem, some
preliminary results and definitions are necessary. By Theorem 4.2
a detector gain for the vectors {fl’ --+, f } must satisfy a set of r
equations of the form

k-1 k -1 k.

DCA g = pilgi+"'+p'ikiAl g1+A1gi

fori=1, ..., r (4-244)

where g is a kith order detection generator for fi' Using the form of

(4-121) this set of equations can be written as a single matrix equation
DCF = Qd (4-245)

where F is defined by (4-242) and

Qd = [Wdl: ° * Wdr] (4"246>
with
| k-1 k,
Pai T P Toees TPy A g A g
fori=1, ..., r (4-247)

When the fi are mutually separable (4-245) always has a soluticn. If

D is a solution of (4-244) each g; generates a cyclic subspace of dimension

141




ké with respect to (A - DC). The eigenvalues associated with each of
these invariant subspaces can be specified, ki at a time, by choice of
the coefficients {p.Lj; j=1, ..., k.; i=1, ..., r}. The fact that
the eigenvalues for each invariant subspace can be specified inde-

pendently of the remaining subspaces implies that these subspaces are

all nonintersecting. This is verified independently by the following

lemma.

Lemma 4.5. Let {fl, cees fr} be a set of output
separable vectors. If, for each i, g; is a kith order detectilc;n
generat;r_ffr f., then the (k, + ... + k) vectors {gl, cee, A 17! gy> 8y

e, A gr} are all linearly independent.
Proof:

Suppose the above vectors are linearly dependent. Then
for some set of scalars {Gij; i=1, ..., ks i=1, ..., r}, notall
Zero,

k.
r L
ZE za o ATl g = 9 (4-248)
ij i -
i=1 =1 ,

Premultiplying this equation by C and using the properties of a detection

generator gives

r k-1 r i
Z Giki CA g = 2 Oik. CA fi = 0
i=1 i=1 !
(4-249)
M1 He
But the vectors {CA f,, ---, CA f.} are linearly independent
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because the fi are output separable. Therefore, (4-249) implies

Giki = 0 for i=1, ..., r {(4-250)

Premultiplying (4-248) by CA and using (4-250)

r r
ki_l My
25 Ok-1 & & T ji k-1 4 h 72

i=1 ! i=1
which implies

g.

1’ki’1 = 0 fori=1, ., I (4-252)

This procedure can be continued until all the 0, are shown to be zero.

k,~1
It must therefore be concluded that the vectors {gl, oo, A 1 g1s &g

k -1
., A r gr} are all linearly independent. This proves the lemma.

Lemma 4.3 gives the general solution of (4-245) as

D = Qy(cmTcr] terT + D'[I - crl(cFm)Tcr] "I(CF)TE
(4-253)
When this D is put into (A - DC) the resultis A -DC=A'-D'C’,

where

A = a-qyemTter] HemTc (4-254)

and

c' = [1- CF{(CEWTEH?]‘l(CBJF] C (4-255)

Equation (4-111) for each fi can be used to obtain an expression for A'

corresponding to (4-169),
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A = k-2, (R Tcr] HerTe (4-256)

where
K = A-aF[(cF)ter] LermTe (4-257)
and
Zd = [Zdl’ cees Zdr]
with
Mi+1
Zgi = Wai- A fi (4-258)

. = a., A gt ... ta

i i
ko1t & TA

(4-259)
Premultiplying this equation by A and substituting into (4-258) yields

A+
pytl

Zap T Pp& T e +'(pi,ui+2 T AT gt

k-1
: *'(pi,ki - &1,ki—ui~1)'A g;
(4-260)

By the same development used to obtain (4-182) it can be shown that

_C' ] _C' ]
C'A' C'K
. = . = M' (4-2861)
élA!n—l é'K'n_l

The following definition is a generalization of the definition of the

detection order for a single vector.
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Definition 4.10. The dimension of the null space of

M', (n - vk M"), is defined to be the group detection order of the set

{fl, e £}

A necessary and sufficient condition for mutual detecta-

bility can now be presented.

Theorem 4.5. The output separable vectors {fl, ceo, fr}

are mutually detectable if and only if the sum of the individual detection

orders of the fi is equal to the group detection order.

Proof:

Let M',K, and C' be defined by (4-261), (4-257), and
(4-255). The group detection order of {fl, cees fr} is (n - q') where
g'=rkM'. Let v, be the detection order of f,. If the maximal
generator for each fi is used in Equation (4-245) for D then (1/1 + oL+ zf}?}s
eigenvalues of (A - DC) can be specified, v, at a time, by the selection
of the coefficients pij' An additional q' eigenvalues can be arbitrarily
specified by the choice of D' in (4-253). The total number of eigen-
values which can be almost arbitrarily specified is therefore
(q' + Yy + ...+ Vr)’ This is the maximum number of eigenvalues
which can be specified while constraining D to be a detector gzain for
all the f;.  Condition (2) of detectability will be satisfied if and only if

q'+v +...+V =n, or

1

vV.+ ...+V_ = n-q' (4-262)

This completes the proof.
When(qr+V1+ +Vr)<n, there are n - (q' + SEREE

.+ Vr) eigenvalues over which the designer has no control after D is
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constrained to be a solution of (4-245). It will be shown in Section 4.3.4
that these uncontrolled eigenvalues depend only on A, C, and ¥. They
do not depend on the coefficients pij or D' in (4-253). Therefore, it
is not possible to gain even partial control over these eigenvalues by
relaxing control over the other (q' + vy + ...+ Vr) eigenvalues. As in
the case of a single event, nothing is gained by relaxing condition (2)
unless one is willing to accept the uncontrolled eigenvalues which
result when (q" + 1/1 + ...+ Vr) < n. This may be desirable if the
uncontrolled eigenvalues are such that they do not adversely affect the
dynamic behavior of the detection filter. Identifying the uncontrolled
eigenvalues in the case of nonmutually detectable vectors is discussed
in Section 4.3.4.

Example E1 at the end of the previous section illustrates
the above remarks. Each pair of event vectors considered in that
example has a group detection order of three, because in every case
the C' defined by (4-255) is a zero matrix, which means that M' given
by (4-261) is also a zero matrix with rank zero. For the first pair of
vectors {f, f2} given by (E1-3) and (E1-41), the sum of the individual
detection orders is v + Vo = 2+ 1 =3, which is equal to the group
detection order. As shown in the example, all eigenvalues of (A - DC)
can be specified while constraining D to be a detector gain for both f and f2.
For the second pair {fl, f2} given by (E1-50) and (E1-41), the sum of
the individual detection orders is only Vl + V2 =14+ 1 =2, and as (E1-54)
verifies, one eigenvalue of (A - DC) is automatically fixed at s = 2 when
D is constrained to be a detector gain for both fl and f,. For the third

2
pair {fl’ f2} given by (E1-50) and (E1-55), the sum of the individual
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detection orders is again only two. But in this case the uncontrolled
eigenvalue is s = -2, so it is possible to obtain a stable detection filter
which detects both fl and fz

are not mutually detectable.

in spite of the fact that these two vectors

Resulis on the mutual detectability of nonseparable
vectors are incomplete, but a few useful facts are available. I7 a
number of vectors have identical detection spaces, then a detection
filter for one will be a detection filter for all. Since the error signal
for all the vectors will lie in the same direction in the output space,
the output error direction will not distinguish between the events
assoclated with these vectors. However, the error magnitude may
provide additional distinguishing information. This special cése of
nonseparable vectors is important in the detection of dynamic changes
and is discussed in more detail in Section 4.3.6. For the general case
of nonseparable vectors Equation (4-245) for D may or may not have a
solution. A necessary condition for it to be a consistent matrix

equation is that

rk Qd <rkCF <r {(4-263)
Each column W3 in Qd is in a subspace spanned by the vectors
{AJ g =0, 1, ..., ki}' This subspace contains the detection space
k.

of fi and can be one dimension larger because of the presence of A ' g;-
Condition (4-263) implies that these subspaces cannot all be independent
because if they were, rk Qd would be equal to r. Since Qd depends on

the coefficients pij’ it appears that (4-263) imposes some restrictions
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on these coefficients. It is not clear at this point what restrictions, if
any, this places on the specification of eigenvalues.

It is possible to show that if (A, C) is observable, then D
cannot be a detector gain for two nonseparable vectors unless their
detection spaces coincide. Let fl and fz be nonseparable. Assume for
simplicity that Cf; # 0. (The same development is valid for the

general case given by (4-243).) Since f, and f, are nonseparable

1 2
rk {C[fl,fz] 1 = rk [Cfl,Cfg] = 1 (4-264)
This implies that the m-~vectors Cf1 and sz have the same direction.
Suppose D is a detector gain for both fl and fz., Then by Lemma 4.1
rk (CWfl) = 1 (4-265)
rk (CWfZ) 1 (4-266)
where
= - _ n-1
Wfl [fl, (A DC)fl, ..., (A -DC) fl]
(4~267)
W,., = [f,, (A - DO) (A - po)* 1]
f2 2’ 27 "t 2

(4-268)
By (4-265) the range space of CW,, is one-dimensional and, in fact,
coincides with the direction of Cf1 (Cf1 is the first column of CWﬂ).

Similarly, the range space of CWf2 is one-dimensional and coincides

with the direction of Cf,. Since Cf, and sz have the same direction,

2 1
the range spaces of CWf1 and Csz must coincide. Therefore
rk [cwﬂ, CWf2] = rk {C [Wﬂ, Weol T o= 1 (4-269)
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Define

k = rk {W

12 W

(4-270)

f1° f2]

Now form ann X k12 matrix, W whose columns consist of k

f12° 12

independent columns from [Wfl’ sz] . Then the range space of W

fi2

coincides with the range space of [Wfl’ sz] . In particular, f1 and fz

are both in the range space of Wf12° By virtue of (4-269)

rk CWf12 = 1 : (4-271)

The development of Lemma 4.2 can be applied to Wf12 to consiruct

an n-vector g such that

C
CA
. g = 0 (4-272)
. ko ,-2
12
| cA J
kyg-1
CA g # 0 (4-273)

The set of vectors {Ajg; j=0, ..., klz—l} span the range space of
Wf12' Therefore, both fl and f2 can be expressed as linear combina-
tions of these vectors. This means that g, with an appropriate adjust-
ment in magnitude, can be made a k12th order detection generator for
either fl ;)r f2. Let g be a detection generator for fl. By remark 3)
at the end of Section 4.3.1, the vectors {Ajg; j=0, ..., klz-l} are
contained in the detection space of fl' Then fz must be contaired in the

detection space of fl' Again by remark 3) this implies the detection
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space of fl and f2 coincide. This result does not generalize to sets of
more than two nonseparable vectors.

Theorem 4.5 offers only a pass-fail type of test for
mutual detectability. If the vectors in a given set are found to be not
all mutually detectable, there is no way to discover which vectors are
mutually detectable except by repeated application of Theorem 4.5 to
all subsets of vectors in the original set. It would be desirable to have
a systematic way of forming subsets of vectors which are mutually

detectable. The next section is addressed to this problem.

4.3.3 Constructing Sets of Mutually Detectable Vectors

This section deals with the following problem. Given a
set of output separable vectors {fl’ cees fr} which are not all mutually
detectable, determine which vectors can be removed from the set to
leave a subset whose members are all mutually detectable. Each fi has
a detection space of dimension Voo the detection order of fi' It will be
shown that each of these detection spaces is an invariant subspace with
respect to K given by (4-257) and is contained in the null space of M'
given by (4-261). Since the f. are output separable, Lemma 4.5
guarantees that the detection spaces are all nonintersecting. Together
they make up a subspace of dimension (l/1 + ...+ Vr) contained in the
{n - q')-dimensional null space of M'(q' = rk M'). When the fi are not
all mutually detectable (n - q*) > (1/1 + ...+ Vr) and it is possible to

define an "excess' subspace of dimension
K = n-q'-Vy= ...V (4-274)

which is contained in the null space of M' and does not intersect any of
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the detection spaces. The precise definition of this space will be
presénted shortly. Its special properties and relationship to the
detection spaces are of central concern in the investigation of the
problem stated above.

First it will be verified that the detection space for each
f.1 is an invariant subspace with respect to K and is in the null space of

M'. Let g; be the maximal generator for fi' Then

cralg = [1 - crl(cmcF] '1(CF)T:] calg = 0
(4-275)
for j=0, 1, ..., V;-2 and by (4-120)
V-1 ~1

@!

=
HUQ

"

14
[:1 - crl(ch)Ter) '1(CF)T:| calg

i

i

i} W
[1 - cFl(cF) T cF] 1(CFT] ca it

i
0
>
Lar}
0
>
'—;—"
i

(=)

(4-278)

Similarly

c'ral g = c'al*l g - crarlcmTer] HemTeal g, = 0

i i T~

(4-277)
for =0, 1, ..., ¥.-2 and with (4-259)
Vit M Ky Vi?
C'KA = C'K[A "f, -0, A g -...- ai’”i‘“i'lA g;)
Hi
= C'KA 'f, = 0 (4-278)

1

L.
since KA ' fi = 0. This development can be repeated any number of
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times to show that

ck'alg = 0 (4-279)

for =0, 1, ..., V‘i_l and all integers £ > 0. Then

M g = 0 for j=0, ..., v-landi=1, ...,  (4-280)

1
which shows that the basis vectors {A’ g ji=0, ..., V,.L—l} for each

detection space all lie in the null space of M'. From (4-80) and the

form of K in (4~257) is follows that

Klg, = Alg for j=0, ..., v.-1 (4-281)

so (& g5 3=0, ..o, Vi—l} form a basis for the detection space of f,.
Substituting (4-281) into (4-159)

My
A Mf = a.
1

Ky
i K gi+...+oz K

1 i, Vi-;,ci~1
(4-282)
Ki
Premultiplying this equation by K and recalling KA fi = 0 yields

ui+1 Vi—l 1/i
., K gi+"'+ai:Vi'ui‘1K gi+K g; =0

(4-283)
which shows that g; generates an Vi—dimensional cyclic subspace with

respect to K. For each i define an n X v, matrix

gl] = [gl:Kgl’ ° 00, K
(4-284)
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Then using (4-283)

= = - )
ngi [Kgi, ..., K gi] ngpai (4-285)

where Pai is an Vi X 1/i matrix of the form

0 o0 0 0 ]
1 0
P = 0 1 - (4-286)
0
0 0 1 -a.
i BVimegl

Now let the set of n-vectors {zei’ cees Ty } be a basis
for the excess subspace mentioned earlier. These vectors are linearly

independent of each other and of the basis vectors for the detection
v,-1
space of the fi' The complete set of vectors {gl, cee, A 1 g9
v -1
r
o5 A g0 Zay ""Zeke

Define the n X ke matrix

} forms a basis for the null space of M'.

Z = [Zel’ cees Z ] (4-287)

Since the z ; are in the null space of M'

M'Z, = 0 (4-288)

and

ctxllz_ = 0 forall j=1 (4-289)
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With (4-255) this gives

ol z, = cr[ (cm er] HemTexi™! z,

r
5
= CA fi’yij {4-290)
i=1

where the vij are 1X ke row vectors and

-
Tij |
- [emTer T lerfer!™t 2 (4-291)
| T

The basis vectors {Zel’ cees Zop } are to be chosen so that
e

'yij = 0, forj=1, ..., v (4-292)

It must now be demonstrated that this is, in fact,
possible. Let {z{, ..., z } be any set of independent vectors which

together with the set {A:’g 1 3=0, .o, V=15 i=1, ..., r} forma
i

basis for the null space of M'. Define

7zt = [z! ..,,zﬂ:] (4-293)

An eqguation analogous to (4-290) can be written for Z'

r
j-1 Ki.
CK' -~ z' = CA " f.v!. (4-294)
1 1]
i=1
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where

[(cr)Ter] YeryTeki™t 2
v (4-295)

L

Let r
— r — )
Ze = Z' + z ng‘_ji (4-2986)
i=1

where the J.L are Vi X ke matrices chosen so that

A j-1 I S C _oqQm
uiPai Ji Yij for j=1, ..., : o (4-297)
A

u, = [0, ..., 0, 1] (4-298)

The set of equations (4-297) defines Js uniquely as can be seen when

they are combined into a single matrix equation

G. 1

i Yi1
. X
u.pP . .

Lol o= - (4-299)

v.-1 )
1

5P o yiul

The v, X Vs matrix on the left has the triangular form
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4. ] [0 0 1|
1
A .
u.P . o . g
bt = | . LT, (4-300)
o - .
. Vi-l . g .
_Gipm | |1 0. .. 0]

and is clearly nonsingular (0 denotes possible nonzero elements). With

Ji so defined

r
cxllz = cxltzre 2 cxdlw ¢ i
i=1
r r
= ca'ly 4 +ZCK31W J
1’Yij / gi "1
i=1 i=1
(4-301)
Noting that
J-1 - J-1 _ane
K ng = ngPOl‘i (4-302)
by repested application of (4-285) and also
7y u
- 1 1 A
Wy = [0 ..o cate] = caltf i
(4-303)
FEquation (4-301) then becomes
r r
ckllz = Yoals g +z WP
- e i Vij CWoi Pai I3
i=1 i=1
Lo, -
_ i r A J- _
= ch £ ['yij—l' R, Py J] (4-304)
i=1



Comparing this with (4-290) one may conclude that

- 1 N J-]‘ _
vy = vyt 8 Ph 9 (4-305)

since the CAui fi are linearly independent. Then (4-292) follows
directly from (4-297).

Equation (4-285) shows that the range space of each ng
is an invariant space with respect to K. The range space of Ze is not
an invariant space itself, but is at least contained in the null space of
M', which is an invariant space. Therefore KZe is also in the null
space of M' and can be expressed as a linear combination of Ze and

the ng, since the combined range spaces of these matrices coincide

with the null space of M'. So
Kz = Z A+ Z w. .TI. (4-306)
e gi~ i

for some ke X ke matrix A and some Vi>< ke matrices I‘i. Then

r
cki 'tz A+ z cxd tw T
e gi~i

=

]
CK’Z,

I
§ e
= CA M fy vy A
i=1

g
0
=
o
R Y
L
_H

r
= ZCA f.ly..A + 0. P ,I‘i] (4-307)
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Comparing this expression with (4-290) with (j - 1) replaced by j, one

may conclude that

o A -—
Yir = Yyt 4P § (4-308)

This along with (4-292) implies that

0
d.p° T = (4-309)

71,1/1+1 ;ol=v;

The row vectors v will be referred to frequently in what follows,

, v+l
i

so it will be convenient to introduce a simpler notation for them
8.1 7y, V.L+1 (4-310)

Writing (4-309) in matrix form,

R 7] 0

L —

R .

u.p . .
Lo r = ) (4-311)

L
0
9Py ] | 6 ]

Noting the triangular form of (4-309) this equation is easily solved for

Y‘é to yield
(o | [ 1]
i
0 0
I’.l = ] = . 91 (4-312)
L-Q _ L 0 .

158



Then {(4-308) reduces to

r

Kz, = ZA + z g; 9 (4-313)
i=1

The ke X ke matrix A and the 1 X ke row vector Qi associated with each

fi is sufficient to determine which vectors in the set can be removed to

leave all the remaining vectors mutually detectable. The following

theorem is the basis for that determination.

Theorem 4.6. Let Ze’A » and the 9i for each :Ei be
defined as above. Assume [ vectors {fi s e fi } are removed from
1 /J
the original set of r, {fl’ cens fr}. Then for the remaining (r - £)

vectors the new excess subspace has dimension

®

A
k = k_ - rk| . (4-314)

where ® is an £ X k, matrix whose rows are the 8. corresponding to

the fi which were removed

@ = . (4-315)

Furthermore, a basis for the new excess subspace is formed by the set

of vectors
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y, = ZeBe'L for i=1, ..., k (4-316)

where the set of k_-vectors {Bel’ -+, B } is any basis for the null
space of
e i
GA
.k o~1
e
L oA ]

The following corollary demonstrates the effect of

removing a single vector from the original set.

Corollary 4.6.1. If f.l is removed from the set of
vectors, then the dimension of the excess subspace will be reduced by

an amount equal to

rk Mt

Proof:
Simply take @ = Oi in Theorem 4.6. The next corollary
provides an answer to the problem stated at the beginning of this section.

Corollary 4.6.2.  The vectors remaining after the

removal of £ vectors {f.l R } are mutually detectable if and
1

only if (A, ®) is an observable pair.
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Proof:

The remaining vectors are mutually detectable if and

only if the new excess subspace has zero dimension.

this will be the case if and only if

~ .

®

which is the condition for (A, ®) to be an observable pair.

Proof of Theorem 4. 6:

By Theorem 4.6

(4-317)

For convenience of notation, assume that the first £

vectors are removed from the original set to leave {fz

+17
Define
v v
£+1 r
F, = [A fppp o0 A f.]
- _ T -1 T
K, = A AFZ[(CFZ) CF2] (CFZ) C
[} - " T _l- T]
Cy = ‘[1 CFZ[(CFz) CF2] (CF2) C
- -
Cy
. 4
M! = | C2Kg
101
| Ca¥y

which are analogous to F, K, C', and M' for the original set.
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(4-318)

(4-319)

(4-320)

(4-321)

The



detection spaces of {fl+1’ cee, fr} are contained in the null space of

M, . These vectors are mutually detectable if and only if the dimension
of this null space is exactly (ij+1+ ce. + Vr). Suppose its dimension
ig larger than this. Then there will exist some n-vector z in the null

space of Mé which is independent of the detection spaces. Any vector

in the null space of Mé is also in the null space of M'. Moreover, M. =

2
= 0 if and only if
- -
C2
CéK ‘
. z = 0 (4-322)
n-1
lKn
| CoF
These two facts follow from the lemma below.
Lemma 4.6. If C5z =0 for some n-vector z then
Kz = K2z (4-323)
and
Cc'z = 0 (4-324)
Proof:
Now
_ T -1 T _
Cjz = Cz - CF,[(CFy)"CF,] (CF,)"Cz = 0
(4-325)
80
Cz = CFZE2 (4-3286)
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where

i} T -1 T
¢, = [(CF,)"CF,] (CF,) Cz

From the definitions of F and F

where £ is defined as

Then
and thus
C'z
Also
Kzz

2

F2§2 = F&
9
g =
aé’2
Cz = CF¢

CF [(CF)TCF] “YermTez
cr [(cFTer] YermTere

CFE = 0

T -1 T
AFz[(CF2) CFZ] (CF,)"Cz

AF = Az - AFE&

259
ar[cr)Ter] YemTere

arlcHTer] YermTez = ke

which completes the proof.
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Successive application of (4-323) to K:’zz and K’z with
j=0,1, ..., n-1yields (4-322). The fact that z is in the null space
of M' follows from (4-322) and (4-324). It is therefore possible to

express z as

"3

z = ZfB_ + z W .B. (4-333)

for some ke—vector 'Be and V.L—vectors Bi' With (4-290) and (4-302)

I

-l j-1 Z j-1
CK) 'z CKI™"z B, + CKIT W B,
i=1
u Sop |
. J-
= ZCAlf.y..B +ZCA1f . p B
i"ij"e L7 g 1
i=1 i=1
{4-334)
. . T -1 T
Premultiplying by I - CF,[(CF,)"CF,] (CF,)
< p i-1
| _ . i A - _
Cokl Tz = z Cy A fi['yij,Be + 0 P, B ] (4-335)
i=1
Hi
Because the fi are output separable, the vectors {ca fi; i=1 ..., r}

are linearly independent. (These vectors make up the columns of CF

My
éA f. = 0 then
]_ —

M.
ca t f.1 can be expressed as a linear combination of the columns of CFZ’

which has rank r.) Equation (4-326) shows that if C

M.
or in other words a linear combination of the vectors { CA : f,L;

M.
i=g+1 ..., r}. But the vectors {CA lf.l; i=1, ..., L}are
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M. M
independent of the vectors {CA ' f5 i=L4 ..., r}, socClAa’l £ * 0

for i=1, ..., 4. Consequently,

[Ty ke
g 1 = 1 - T -1 T i
CyA "f, = CAf; CF, [(CFZ) CFZ] (CFy)"CA "1
=0 ifi=f+1 ..., r
(4-336)
#0 ifi=1 ..., 4
Then (4-335) reduces to
£ .
cigilz = cialis [y g + 0P B ] (4-337)
2 2 itVijPe i5 g Ti
i=1
But from (4-332) C4K) ™'z = 0 forall j21. Therefore
B+ 1 Pt B. = 0 for i=1 2 (4-338)
Vij Pe i~ ai "1 = T
Hi
and for all j >1, since the CéA f; are independent. By (4-292)
this reduces to
A g = 0 for je1 v (4-339)
LRk = 8 or j=1 ...,V )
or
e N\
u, —1
=
g B, = 0 fori=1 ..., ¢
Cov;-l
fp ! (4-340)
1 a1 J

which implies
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Bi = 0 for i=1, ..., !

by virtue of (4-300). Then (4-338) becomes

‘YijBe = 0 for i=1, ..., £and j2v, +1

Define

71,1/+j

Yo, v

*]

Then {4-342) can be written

Now from (4-308) and (4-312)

i
i, §+1 it o8
where ~
1
- 0
al. = 4 31
ij i° ol
0

Repeated application of (4-345) starting with j = v, + 1 and v

yields the general expression
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i, v+l = i
1

(4-341)

(4-342)

(4—343)

(4-344)

(4-345)

(4-346)

6.




= i-1 1 jt2 1
M T YT Y O AT T e 2 g1 O
(4-347)
for all j > 1. Using this expression in the definition of Sj
s. = salyqgeal—?s +Q. S (4-348)
J 1 -1 T j-1"71
where
X 0 0 ]
ay v1+j e e :
0 ' .
Q. = . .
] 0
1
L S
(4-349)
Noting that Sl =0
— . ~ - —~
5, 5, ® ]
A SN A OA
ke-1 o k-1
S, SN @A ¢
(4-350)
where
- 1
1 0o . D
Q- .
'/f' _ . . . . °
Tq =| @, . - . . (4-351)
: 0
_le—l‘ .. .Q2 Ql -1
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Now (4-344) for j=1, ..

which is equivalent to

®

k
e

can be written

(4-352)

(4-353)

since TQ is nonsingular. If (4-353) is satisfied, then SjBe = 0 for all

j > 1 because

rk

for any j > 1.

L

With (4-341), Equation (4-333) reduces to

S,

J

rk

. j—]_
L@A
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where Be must satisfy (4-353). The only constraint placed on z in
arriving at (4-355) was that it lie in the null space of Mé All vectors
in this null space can therefore be expressed in the form of (4-355).
Since the rk[ze’wg,£+l’ oo Wgr] = (ke + Vl+1+ oo + Vr)’ the

dimension of the null space of Mé is simply the number of independent

(ke + Vol + ...+ Vr)-vectors of the form

where ’Be must satisfy (4-353). The Bi i=2£+1, ..., r) are

unconstrained so there are at least (V£+l + ...+ Vr) such vectors.

This was expected because the detection spaces of {f1+1’ ceos fr} are

known to lie in the null space of Mé The number of additional

independent vectors in the null space is the number of independent

solutions of {(4-353). This number is

This, then, is the dimension of the excess subspace for {f1+1’ ce e fr}.

Let {Bel, cees Bek} be k independent solutions of (4-353). Define
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Y = [’Bel’ cees Bek] (4-356)

e
and
1 — - i
z, = 2, = [zel, , zék] (4-357)
with
! — ] = -
zl, = Zeﬁei for i=1, ..., k (4-358)

The columns of Zé are in the form of (4-355) (with the Bi = 0) and are
therefore in the null space of Mé Then by Lemma 4.6

I&z

r

i — t — —

Ze = KZe = KZeYe = ZeAYe +2 ngFiYe
i=1

(4-359)
Now the range space of Ye is an invariant subspace with respect to A

because it coincides with the null space of

K
OA

Thus

AYe = YeA' (4-360)

for some k X k matrix A'. Note alsothatfori=1, ..., £
- .

1

0
ry, = | .| ey, = 0 (4-361)
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For i=f+1, ccce, T

1 1

0 0
= = ! - 3y
PiYe o eiYe . Gi {4-362}

| 0 | 0]
where

6f = 8.7 (4-383)

i iTe -

Substituting (4-360), (4-361) and (4-362) into (4-359) gives

r
! - 1
K,Z! = Z Y A' + Z ngl"iYe
i=g+1
I
= Z A 4 z gi(); (4-364)
i=g+1

This equation is analogous to (4-313).

The columns of Zé form a basis for the new excess
subspace for {f1+1’ ooes fr}' To see this, first note that the columns
of Zé are indeed independent of the detection spaces of {f£+l’ e oo, fr}’
since by (4-357) the range space of Zé is contained in the range space

of Ze’ which by construction is independent of all the detection spaces.

It was noted earlier that the columns of Zé are in the null space of M§

$

2

Zé is also in

and therefore KZ('e =K Zé by Lemma 4.6. Since the null space of M

j-1

2

is invariant with respect to Kz, the range space of K2

null space of Mé for all j > 1, and
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zZ! (4-365)
Then

-1 _ -1 = j-1 _
cky z! = CK'Uzl = CKITTZ Y, (4-366)
Substituting (4-290) into this equation yields
j e

r
cxily - Z cale % (4-367)
2 “e i Vi .
=

Now the columns of Y, satisfy (4-353) which is equivalent to (4-342).

Also Vi ® 9 for j=1, ..., ¥V, soonemay conclude that
'Yije = 0 for i=1, s A
and for all j > 1 (4-368)

Then {4-367) reduces to

r
cxkilz - Z calr y .Y (4-369)
2 e i'ij~e
i=g+1
The row vectors (y ine) for i = £4+1, ..., r play the same role as the

v 4 for the original excess subspace. From (4-292)

’Y'Lte = 0 for j=1, ..., V. (4-370)

S0 Zé satisfies the condition analogous to (4-292) used to define the

excess subspace. This completes the proof of Theorem 4.6.
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Appendix B describes an algorithm for generating a basis
for theﬂ{e}gcess subspace, plus the A matrix and the row vectors @.1.
Corollary 4.6.2 reduces the problem of constructing a subset of
mutually detectable vectors to the problem of finding a subset of the
row vectors 9.L which form a @& such that (A, ®) is an observable pair.
At first glance this may seem to be only a pass-fail type test such as
provided by Theorem 4.5. However, A and the E)i can provide additional
information to guide the choice of which vectors to remove from the
original set. Corollary 4.6.1, for example, can be used to identify
those vectors whose removal would achieve the greatest reduction in
the size of the excess subspace. More information can be obtained
from a systematic analysis of A and the Gi as will be seen in the next
section. In addition to providing a way of analyzing the problem of
detecting a set of vectors with a single filter, Theorem 4.6 has
achieved a potentially significant reduction in the dimensionality of the
problem. Mutual detectability as originally formulated in Section 4.3.3
deals with an n-dimensional vector space. Theorem 4.6 reduces the
problem to considerations in a vector space of dimension ke’ which one
might reasonably expect to be significantly smaller than n (recall
kK =n-q-V, - ... - V_).

e 1 r

4.3.4 Detection of Nonmutually Detectable Vectors

with a Single Filter

By definition, a set of vectors which are mutually detectable
can be detected with a single filter while retaining control over all the
eigenvalues of (A - DC). If one encounters a set of vectors which are

not all mutually detectable, the results of the previous section can be
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used to break up this set into a group of two or more subsets, each of
which is rnade up of only mutually detectable vectors. One detection
filter can then be designed for each subset. If this is done, one need
consider only the problem of designing a detection filter for mutually
detectable vectors. However, if one allows the possibility of using a
single filter for nonmutually detectable vectors, it may be possible to
reduce the number of detection filters, since a potentially greater
number of vectors could be assigned to each filter.

This section investigates the problem of using a single
detection filter for a set of output separable but nonmutually detectable
vectors. The results of the last two sections show that when this is
attempted the resulting (A - DC) matrix will have ke eigenvalues fixed
without the control of the designer, where ke is the dimension of the
excess subspace for the set of vectors. To decide if detection of the
set with a single filter is feasible, one must be able to identify these
uncontrolled eigenvalues to see if the filter will have satisfactory
dynamics. It will be shown in this section that these eigenvalues are
indeed uncontrollable - that they depend only on A, C, and F and are
not influenced by the designer's choice of the remaining (n - ke)
eigenvalues of (A - DC). Further, they will be shown to be equal to
the eigenvalues of the ke X ke matrix A introduced in the previous
gsection. From Qi it will be possible to determine which of the
uncontrolled eigenvalues are eliminated by removing the corresponding
fi from the original set. With this information the designer can
eliminate specific undesirable eigenvalues by removing certain fi from

the set.
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Suppose D is chosen to be a detector gain for the set of
output separable vectors {fl, cees fr}. Define an n X n coordinate

transformation matrix

7 = (W ....W_,Z.,T

F Vo1 e (4-371)

F2]

where Ze and the ng are defined as in the last section, and T]}?2 is
any n X q' matrix such that TF is nonsingular (q" + k,+ vit ey

Let

& - Tl -DC 4-372)
= TF - )TF (4-372)

Now by (4-115)

V.
= - _ 1 =
(A DC)Wgi = [(A-DC)g, .... (A -DC) g; W oiPy
(4-373)
where
(0 0 0 -py |
1 0
P, = 0 1, . : (4-374)
. L0
0 0 1 “Piy,
o 1J
From (4-290) and (4-292) with j = 1
cz, = 0 (4-375)

(Note that Ve the detection order of fi’ is always greater than zero
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because the null space of M' defined by (4-182) contains f.L and there-

fore has dimension greater than or equal to one.) Then

(A -DC)Ze = AZ, = KZ, = Z A+ zngrl (4-376)
i=1
With (4-373) and (4-376)
r
(A-DCO)Ty = [ngpl, e W P (Z A Zngrl), (A - DC)Tp, ]
i=1
Fr 2 Ty Gy o
0. .
b .
= T ‘ X
F p T
r r
0 A
9— Q 9 Grr+2,r‘+2
- - (4-377)

where the Gi are defined by

r+2

3

Ir
(A-DC)Tpy = }: WeaiGi,re2 ¥ A0t re2 T TraSrag, riea
i=1

(4-378)

F and comparing the result with (4-372)

Premultiplying (4-377) by T

yields
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Py e s
0 .
_ g
G = . (4-379)
P T
r r
0 A
B 0 8 Gpig re2

Since G and (A - DC) are similar, they have identical eigenvalues.'
From the block diagonal form of G one can conclude that the eigenvalues

of (A - DC) are equal to the combined eigenvalues of A, the P, and

G Recall from Section 4. 3. 3 that the construction of A depends

r+2,r+2°
only on A, C, and the detection spaces of the fi' It does not depend on
the coefficients pij which appear in the Pi’ Therefore, the ke eigen-
values of A, which are equal to ke eigenvalues of (A - DC), are inde-

pendent of the eigenvalues of the Pi' The eigenvalues of G are

r+2,r+2
determined by the choice of D' in (4-253). By Lemma 4.4, D' does
not influence the eigenvalues of the Pi or A. This shows that the eigen-
values of A are, in fact, the uncontrolled eigenvalues which result when
D is constrained to be a detector gain for the set of output separable,
nonmutually detectable vectors.

Consider ei, as defined in Section 4.3.3, which is
associated with one vector, fi’ in the set {fl, ceos fr} . If that vector
is removed from the set, the new excess subspace will have dimension

pes -

6.
i

GiA
k = ke— rk| . (4-380)
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Equation (4-350) means that

[ 0. ]
1
8.A
rk | .t = k -k (4-381)
¢+ ko-k-1
9.A €
b 1 o
and
Kok 9 6.A o e E
o; 1 T T %1t T %e®it T oo ae,ke-k i
(4-382)
for some set of scalars {ael’ eee, ae,ke—k}' Moreover, (ke - k)
eigenvalues of A are given by the roots of the equation
ko-k ke—k—l
8 + ae,ke-—ks + ... + a82s+ ae1= 0
(4-383)

It will be shown that these (ke - k) eigenvalues are exactly the ones
which are eliminated when fi is removed from the original set.
Removal of fi results in a new excess subspace of
dimension k. The matrix A is replaced by the k X k matrix A' satis-
fying (4-360). By the development at the first of this section it is known
that the remaining uncontrolled eigenvalues are the eigenvalues of A'.

Now define a ke X ke coordinate transformation matrix

T = [Ye, T (4-384)

Y Y2:l

with Y _ given by (4-356) and T any k_ X k matrix which makes T

Y2 Y

nonsingular.
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Let

_ -1
= -385
A TY ATY (4-385)
and
o, = 0Ty (4-386)
By (4-360)
ATy = [AYé,ATYZI
—_ t
- [YeA 2 ATYZ]
' -
A Ajq
= [Ye’ TY2 ] _
4 Moo
(4-387)
where
ATyg = Yhyy + Tyghog (4-388)

Premultiplying (4-387) by T;.l and comparing the result with (4-385

gives

Al A
(4-389)

g
"

0 A

The eigenvalues of A, and thus of A, are equal to the combined eigen-
of A" and _/_&22. The eigenvalues of A' remain after removal of fi’ S0
the eigenvalues which are eliminated are the eigenvalues of K”Z' Tt

must now be shown that these eigenvalues are given by (4-383).

179




By the definition of Y, and (4-353), OiAJYe =0 for all j> 0, so

6, = 8Ty = [8¥,, 6Typ] = [0 8]
’ (4-390)
where
0., = 6.Ty, (4-391)
and also
T r - J - T I _
9. A 6.A° Ty [0, 0.5 Ao ] (4-392)
Then
91 gi 912
N _ 0.4 - _ . 0,900
. - 0, .
2 _ke-l ! k-1
(&
e ] %A ] i 299 i
(4-393)
Since TY is nonsingular, this implies
%2 °
0., A 8. A
rk | 12722 = rk| .t = k_k
= _ke-l c k-1
e
2822 | | 8T
(4-394)

by (4-380). Postmultiplying (4-382) by Ty and using (4-392) yields

_ke-k _kg-k-1
XS = ©

Oi9hqg IS P R %o,k -k 99t a9

(4-395)
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Equations (4-394) and (4-395) prove that the eigenvalues of Kzz are
given by the roots of (4-383). This establishes the earlier clairn that
the eigenvalues given by (4-383) are eliminated by removing fi from the
set {fl’ e 1,3

From A one can determine the uncontrolled eigenvalues.
If some of these are found to be undesirable, the Qi will identify that
vector (or vectors) whose removal will eliminate those particular
eigenvalues. The following example illustrates the result of this and

the previous sections.

Example E2¢

Suppose

A = (E2-1)

C = (E2;2§

and there are four event vectors

181



1] [0 ] 0] [ 0]
0 2 0 0
0 1 0 0
ZEnl IO TS U BRI I A
0 0 1 0
o | o 0 | 1

(E2-3)
Since Cf, # 0for i=1, 2, 3, 4 the matrix F defined by (4-232) is

F = [fl,f2,f3,f4] = (E2-4)

Then

CF = I (E2-5)

Now replace A by the simpler form
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0 0 0 0 0 0
0 0 0 0 0 0
0 1 0 0 0 0

[

[

o

[y

o
(= o B o]

(E2-6)
which is obtained by taking the first, second, third, and fourth columns
of D" equal to the first, third, fifth, and sixth columns of A respectively.

Using A" to form K yields

K = A"-A"F[(cF) cF] HemTe = aA"-aA'FC

(E2-T)

0 1 3 5 15 OJ

For the full set of event vectors, C' defined by (4-255)

becomes

¢ = c-crlemer) femTc = c-c = o
(E2-8)
and therefore M' defined by (4-249) is

M! = 0 (E2-9)
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Hence, the group detection order of the set {fl,fz,f3,f4} is six, the
dimension of the state space. When the resulis of Section 4.3.1 are

applied fo each fi’ it will be found that the detection order is

v, = 1 for i=1, 2, 3, 4 (E2-10)

and each fi is its own maximal generator. The sum of the individual

detection orders is

1/1+1/2+1/3+1/4 = 4 (E2-11)

which means that the vectors {fl’ f2, f3, f4} are not mutually detectable

and the excess subspace has dimension

ke = 6-4 = 2 (E2-12)

To determine if it is necessary or desirable to remove
one or more vectors from the set, A and 91 will be generated with the
algorithm presented in Appendix B. Since M' = 0, the reduction
procedure applied to the rows of this matrix produce no reductions.
The terminating matrix which results from processing M' is simply the
symmetric, positive-definite starting matrix. Let this matrix be the

6 X 6 identity matrix
Ql = I (E2-13)

According to Appendix B the reduction procedure now starts with Ql

and is applied to the rows of the matrix M defined by (B-2).

184



Now C defined by (B-5} is

C =
Recalling that v, = 1 for i=
simply
M1 =
and f\’/’gz defined by (B-4) is
M,
So

[cmTer] "Herm)T ¢ =

C (E2-14)

1, 2, 3, 4, the M, defined by (B-3) is

'ZIT
"62 -
_ = C = C (E2-15)
C3
Cq
CK
- (E2-16)
CK?2
o C
M,
- = CK (E2~17)
M
2 cx?

The first reduction occurs at the first row in E‘/‘he

{i.e., at cq = Cl)
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anda

-
0
T T 0
W - QC = C = (E2"18)
1 1€1 1 0
0
—-O—
and
0 0 0 0 0 0|
0 1 0 0 0 0
W.owL 0 0 1 0 0o 0
_ 171 _
Q, = Q- =
11 0 0 0 1 0 0
0 0 0 0 1 0
0 0 0 0 0 I |

(E2-19)

Reductions also occur at each of the next three rows, Cos C and c,.

3’ 4
The positive semi-definite matrix which results after these reductions

o

I&

(E2-20)
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This completes the reduction process applied to 1\7@1. The first row of
ﬁ?ﬁz is ¢;K =0, sowg =0 and 3’%6 = @5. No reduction occurs at this

row, so ¢, is terminated. The second row of Mz is

1

c,K = fec 1 -2 0 0 0] (E2-21)
Then
- 0"
1
T T 0
We = &6(02@ = QS{CZK) = o {(E2-22}
0
0
and
0 0 0 0 0 0]
0 0 0 0 o 0
0 0 0 0 0 0
2, = (E2-23)
1) 0 0 1 0 )
) 0 0 0 0 0
0 0 0 0 ) 0

The third row of E‘;’Iz is

cgK = [0 0 1 1 3 0] (E2-24)
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Then

T 2
Q7(C3K) -

=
1
1

and

(E2-25)

(E2-26)

so the reduction process is fully terminated. The two final nonzero

auxiliary vectors needed to generate A and the Qi are

0] 0]
1 0
_ 0 _ 0
T2 T V6 T |, hat = Tk B
0 0
....O_. I__O_

These two vectors occurred at rows ¢, K =c¢,K and ¢ ,K =

2 2 3

Therefore

and
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(E2-27)

~

c, K in M

3 2°

(E2-28)

(E2-29)



also

l«:e3 = 2—V3 = 2-1 =1 (E2-30}
kel 1- Vl = 0 (E2-31)
ke4 = 1-1/4 = { {(E2-32)
Then from (B-28)
0 0]
1 0
3 - 0 0
z, [sz’ Wf3] = (E2-33)
0 1
0 0
0 0
From (B-32)
.
91 = CIK Ze = clKZe = 0 (E2-34)

since ClK = 0. Similarly

[0 1 -2 0 0 0]

o O O O - O
(== I o B S = T e B

- - (E2-35)
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S 3 3 e
0 0]
1 O
0 O
= [0 o 1 1 3 0] = [0 1]
0 1
0 0
(E2-36)
Va
@ki = C4K Ze = C4KZe
"0 o
1 0
0 0
= [0 1 3 5 15 0] = [1 5]
0 1
0 0
L_O O__
(E2-37)
From (B-36)
"0 0
1 0
0 O 3
AN A = KZ —z 8. f
e c 1
0 1 ;
i=1
0 0
| 0 0
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[0 o] [o o] [o o] [o o]
0 0 2 0 0 0 o 0
1 0 1 0 0 0 0 0
"o o |1 o] o -3 |0 o
0 1 0 0 0 1 0 o0
1 5] |0 o] [0 of |1 5]
0 0]
2 0
0 0
- (E2-38)
1 3
o 0
L_.O 0“

The first, third, fifth, and sixth rows of this vector equation are

identically zero and may be discarded. The second and fourth rows

yield
1 0 ] B -2 0
Y = A = (EZ"?S@?)
0 1 1 3
Note that the eigenvalues of A are s = -2 and s = 3.

These are the uncontrolled eigenvalues which (A - DC) will have if D
is constrained to be a detector gain for all four vectors {fl’ f2’f3’ f4}m
This A and the 8; given by (E2-34) to (E2-37) yield the following

conclusions:
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1) Since 91 = 0, removing f1 from the set of event vectors

will not reduce the excess subspace.

2) Since
92A = [-2 O] = —292 (E2-40)
92 1 0

rk = rk = 1 (E2-41)
92A -2 0

This means that removal of f2 from the set will reduce the excess sub-

space by one dimension. The eigenvalue s = -2 will be eliminated and
the uncontrolled eigenvalue which will remain for the set {fl,f3,f4} is

g = 3.

3) Since

(E2-42)

the removal of f3 from the set will eliminate the excess subspace

entirely. Therefore, the vectors {fl’fZ’fél} are mutually detectable.

4) Since
@41& = [3 15] = 394 (E2-43)
94 1 5
rk = = 1 (E2-44)
Q4A 3 15
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This means that removal of f4 from the set will reduce the excess
subspace by one dimension. The eigenvalue s = 3 will be eliminated,
and the uncontrolled eigenvalue which will remain for the set {fl’ fz, fg}
is s = -2.
5) From Corollary 4.6.2 it may be concluded that the

following (nontrivial) subsets of vectors are mutually detectable:

(@) {f, £y, 1)

(b) Any subset of (a)

() {f}, £}
De'tection of all four event vectors requires' a minimum of two detection
filters. The set {fl’ fo, fgs f4} can be subdivided into two subsets of
mutually detectable vectors. All the vectors in each such su’k‘)set can
be detected by one detection filter. The possible subdivisions are:

W g 1) 5 {tg)

() e, £} 5 {fy, £,
Although the vectors {fl, fz. f3} are not mutually detectable, they can
all be detected by a single stable detection filter, since the uncontrolled
eigenvalue is s = -2. If this eigenvalue is acceptable, two additional
subdivisions are possible:

(iil)  {f, £y, £33 5 {f,)

(iv)  {f), £,} 5 {fy, 15}

In case (iii) the detection filter for {fl’ f., f3} will have the uncontrolled

2

eigenvalue s = -2. In case (iv) the detection filter for {fz, o

3. will

have the uncontrolled eigenvalue s = -2.
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4,.3,5 Effector Failure Information

The results of the previous four sections can be applied
directly to the design of filters which detect effector failures. For the
system described by (4-1) to (4-3), failure of the it etfector is
associated with bi’ the ith column of B. This bi replaces the fi in the
previous sections as the vector associated with a particular event. The
design of the detection filter proceeds as follows:

1) For each column vector bi in B = [bl’ ven, er
determine the maximal generator with the algorithm of Appendix A.

If two or more bi have the same detection space, then only one of those
vectors need be considered in the remaining steps. Any detection

filter for one such vector will be a detection filter for all vectors having
the game detection space.

2) Form F as defined by (4-242) with f. replaced by b;.
If rk CF = r, the bi are output separable. If rk CF < r, subdivide the
bi into two or more subsets so that each subset consists of output
separable vectors.

3) Generate the 8, and A for each of the subsets from
step 2) using the algorithm of Appendix B. If a A exists (i.e., has
nonzero dimension), identify the eigenvalues and decide if they are
satisfactory. If not, use the results of Section 4. 3.4 to subdivide that
set further so that the undesirable eigenvalues are eliminated.

4) A detector gain for each subset of vectors from
step 3) can be found by solving an equation of the form of (4-245) with

the pij selected to give the desired eigenvalues. If the subset has

fewer vectors than rk C, then the remaining eigenvalues of (A - DC)
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are specified by choice of D'. Appendix A presents a comvenient
method for doing this. The resulting detection filter has a state

equation

z(t) = (A -DC)z({t) + Buylt) + Dy(t) (4-396)

Suppose a failure as modeled by (4-15) occurs in the Jéth

effector. The detection filter for that effector will produce a settled-

out output error of

t
M.
€'(t) = Cet) = CA 1bi S‘ hbi(t-— 7Y n(7) d7T (4~397)
t
o

where oy is defined by condition (4-243) for b. and
-1
h ) = L {H,_;(s)} (4-398)

with Hbi<s) given by (4-240) for f = b;. This result follows from
remark 5) at the end of Section 4.3.1. The failure can then be
identified by the fixed direction (CA}ui bi) of the error signal.

If there are other detection filters, they will also
produce error signals, but these errors will not lie in a fixed direction
for arbitrary n(t) as the error given by (4;397) does. Note the qualifi-
cation, "for arbitrary n(t)''. For any filter there always exists a
specific ﬁ(t) which can make the error lie in a fixed direction. An
example which works for all stable filters is n(t) = constant. Even
with the qualification there is still one possible exception to the above

statement. A detection filter gain D designed for another set of vectors
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could, by coincidence, happen to be a detector gain for the bi in (4-397).
In that case this filter also would produce a fixed direction output error.
However, no confusion should result, because to interpret the error
signal from a detection filter one compares its direction with those
directions for which the filter was designed. Even though the signal
from another filter by coincidence lies in a fixed direction, that
direction will not match any direction for which the filter was designed.
This fact is assured by the following observation. If there is a
detection filter designed for another vector bj for which CAMj bj has
the same direction as CAMi bi’ but bi and bj have different detection
spaces, then the remarks at the end of Section 4.3.2 guarantee that the
gain D for this second filter (for bj) cannot be a detector gain for b,.
Therefore, the error signal from this filter (resulting from a failure
of the i"* effector) will not lie in a fixed direction for arbitrary n(t).

It bi and bj have the same detection space, they would
be agsigned to the same detection filter by the procedure suggested in
step 1). As mentioned in Section 4.3.2, events associated with such
vectors cannot be differentiated on the basis of error direction alone.
Error magnitude may provide additional information if something is
known about the dynamic characteristics of such failures. If, for
example, the n(t) for different events is expected to have different
frequency spectra, then the frequency spectrum of the error magnitude
may identify the most likely event. Chapter 5 discusses the problem
of identifying effector failures from detection filter error signals when
those signals are corrupted by errors caused by other simultaneous

events or nhoise disturbances.
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4.3.6 Plant Dynamics Information

For reasons discussed in Section 4.2.2, it will be
convenient to model the plant dynamics given by (4-1) to (4;3) in a form
for which all dynamics changes appear as changes in A or B, leaving C
in fixed and simple form. Additional considerations will suggest a
standard form for A as well. For the resulting plant description it will
be especially simple to design a detection filter to detect dynamics
changes. The detectpr gain can, in fact, be determined by inspection
and the algorithms of Appendices A and B will be unnecessary for this
situation.

The error equation for a change in the ijth element of A

is obtained as in the development of (4-33) using (4-41) and (4-42).

€t) = (A - DC) elt) + Aay; ei Xj(t) (4-399)

The detection filter for this event should be designed to detect the

vector gi’ in which case the settled-out output error is

t
LTI
€'ty = Cet) = Aaij CA e hi(t -T7) Xj(T) dr

t (4-400)

where . is defined by condition (4-243) for gi and
-1
hi(t) = at {H.(s)} (4-401)

with Hi(s) given by (4-240) for f = 'e\i. Note that the direction of the

output error in (4-400) is the same for all j. A knowledge of the

197




error magnitude factor

t
¢ij(t) = S‘ hi(t -T) xj(’r) dt (4-402)

t
o

is necessary to be able to decide which element in the ith row of A

has undergone a change. When the state vector is fully measurable,
xj{t) can be determined directly from the sensor outputs (assuming
noiseless sensors) as shown by (4-31). When the state vector is
partially measurable only a part of it is so available. The remainder
of the state vector must be reconstructed by a state-estimating filter.
But when the model of the plant is inaccurate, as it will be if A or B
undergo changes as assumed here, the state estimate will be unreliable
even if there are no noise disturbances in the plant or sensors. This
suggests the use of a standard form for A in which all the elements
subject to change appear only in those columns, j, for which the
corresponding state component, xj(t), can be determined directly from

the sensor outputs. Such a standard form is

Ail' P, Alm |

A = . . {n X n) (4-403)
A ... . A ‘
ml mm

where
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0 o 0 a. |
iil
1 0
Aii = 0 1. . . (.nani)
) 0
[_0 0 -1 aii_ni
- (4-404)
and for i # j
0 0 ajy 1
Aij = . . . (nanJ.)
0 . 0 aij.n.
L i
(4-405)
with
n, + ... + n = n (4-408)
1 m
and
/e\s
|
Cc = . {(m X n) (4-407)
AT
e
s
L Tm |
where
s. = n, + ... + n, (4-408)
i 1 i

{Note s; =1y and Sy = n.) The form of (4-407) implies that rk C = m.
This point will be mentioned later. The process of producing this

gtandard form for A and C is also discussed later in this section.
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With A and C in the above form, plant dynamics changes

appear as changes in the scalars {a,

131; 1:J=1: s 0 0, m;-l:l, oo ey n.}

i
and the elements of B. The results of the previous sections can be
applied to A and C given by (4-403) to (4-408) to design a detection
filter for all ’e\i, i=1, ..., n. Inthis situation the maximal generators
for the ’e\i have a simple form, and the equation for the detector gain
can be golved by inspection. When the steps for designing a detection
filter given in Section 4.3.5 are followed, the results below are easily
established.

1) Taking advantage of the fact that A can be replaced
by A" = A - D"C for arbitrary D", as mentioned at the end of

Section 4.3.1, let

dj c 0 Ay
D" = . . (4-409)
d.” R R .do”
| ml mm
where
r— -—
%ij1
" = ° -
dij = . (4-410)
a..
L%
Then
~ -
AH . . . AH
11 Im
A" = . . (4-411)
11 1
LAml' . . Amm
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0 o0 0 0
10 L
Al = |0 1 S (4-412)
L o .
0 0 10|
and
Al = 0 for i # j (4-413)

i

2) The detection order of gi is n.

j+1 where Sj< i<s.

j+l

{For

(sj given by (4-408) ), and its maximal generator is QS +1°

0<ig n; the detection order of @i is ny and the maximal genlerator is
31.) This means that all ’éi for which sj <ig Sj+1 have the same

maximal generator and detection space. By the remark in step 1) of

Section 4.3.5, only one of these gi need be considered. Then let €

S,
J-H;
be retained as the representative of all /éi for Sj <ig Sj+1' The
set of vectors remaining is then {@S s e, /e\s }.
1 m
3) All vectors in the set {@S s e /e\s } are output
v 1 m
separable and mutually detectable. The F for this set is
F = [& ,8 1 = T (4-414)
s s
1 m
so
= T _
CF = CC = I (4-415)

Then Equation (4-245) for D can be solved by inspection
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d Ym
DCF = D = (4-416)
d o d
! mm
where
i1 ¥ Py
dii = . (4-417)
%iin, © Pin,
o i il
and dij = d;’J given by (4-410) for i # j. Then
P, 0. 0
0o . .
A-DC = . . . (4-418)
| 0
L 2 8 Ph
with
- —
6 0 0 —;.)ﬂ
1 0
Pi = 0 1 . . (4-419)
0
0 0 1 “Pin.

This filter is a detection filter for all the coordinate directions

A .
., i=1;

; ., n. A change Aaijl in one element aijl of A given by

(4-403) to (4-405) produces a settled-out error of
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t
— — A —
€e'(t) = Celt) = ‘/‘\‘aijl € i S‘ hu (t T)XSJ_(T) dr
t, (4-420)

where

s + p.. s +°"+p125+pi1

(4-421)

X (t) is the sjth component of the state vector x(t), and emi is a unit

]
m-vector in the ith coordinate direction. From the form of C in (4-407)

x, ©) = yi®)  (4-422)
j

where yj(t) is the jth component of the sensor output vector. Then

(4-420) can be written

€'(t) = Aagy 0,.,(0) ’e‘mi (4-423)
where
t
¢u1(t) = S‘ h, (- 7)53(7) dr | (4-424)
i
o

The pij in (4-421) are at the discretion of the designer and are known.
Since yj(t) is an accessible signal, the scalar function ¢ij1 (t) can be
generated on-line from sensor output without knowledge of the plant

dynamics. For consistency of notation the B matrix can be partitioned
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to conform with A

P Ppp
B = . . (nX r) {4-425)
b . b
ml mr |
where
bijl
bij = . (ni><l) (4-426)
- Unl_i
A change bijz in bijl produces a settled-out error signal of
| - - A -
€'(t) = Celt) = Abijixpijl(t) i (4-427)
with
t
Lp.ljjz(t) = S‘ hiﬂ(t -T) udj('r) dr (4-428)
t
o

where udj(t) is the jth component of ud(t) and hu (t) is given by (4-421).
As in the case of (pijl t), ¢ ii0 (t) can be generated on-line from
accessible signals (ud(t)) without knowledge of the plant dynamics.

It has been shown that (4-403) to (4-408) are especially
convenient forms for A and C. In Section 4.2.2 it was demonstrated
that all plant descriptions which are related by a state space coordinate
transformation can be considered equivalent. Unfortunately it is not
always possible, in general, to put A and C into the form of (4-403) to

(4-408) by a coordinate transformation. However, it can be shown
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that these standard forms can always be obtained by augmenting
(enlarging) the state space. Appendix C presents a way of constructing
a coordinate transformation which puts A and C into the form of (4-403)

to (4-408) except that the off-diagonal blocks of A in general have the

form
B n
0 0 ajil
. . as,
A.. = ) . I 1 (0. X n,) (4-429)
Jt . . 0 J t
0 0 0
and
0 0 0 ij1
A = | . . : n. X n.
ij , . 0 05X 0y
0 O afk. a..
ij ijn,

(4-430)
where nj > n,. If nj = n, (i # j) then Aij and Aji have the form of
(4-405). The appearance of the nonzero element a:J in (4-430)
violates the form of (4-405). For a general A and C, (4-430) is as
close as one can get to the form of (4-405) by a coordinate transforma-
tion which does not change the dimension of the state space. To
explain the appearance of the elements 813 and determine how they may
be eliminated (made zero) by enlarging the state space, it will be

convenient to introduce the concept of output decoupling.
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Definition 4.11. The matrix pair (A, C) is defined

to be output decouplable if A and C can be put into the forms of (4-403)

to {4-408) by a state space coordinate transformation.

This terminology is motivated by the fact that with
proper choice of D the observable spaces of the c; (ith row of C) with
respect to (A - DC) can all be made nonintersecting (which is, in a
sense, output decoupled). The (A - DC) given by (4-418) is an example.
Note that this definition implies that an output decouplable pair is also
observable and rk C = m. The definition could be generalized to
include nonobservable pairs, but that is unnecessary for purposes of

plant dynamics identification. This point is discussed later.

Definition 4.12. Consider the pair (A, C), and let c;

be the ith row of C. The output decoupling order (or simply,

decoupling order) of ¢ is defined to be the largest integer value of j

such that
"MT,j—l
rk | - = rk MT,j—l + 1 (4-431)
E‘_C.AJ
i
where
C
CA
MT,j—l = . (4-432)
" i-2
| cal™® ]

(For j=1, Mrq is taken as the zero matrix.)
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An equivalent definition is the smallest positive integer value of j

such that

M,..
Tj
rk = rk M... (4-433)

C.A‘]
i

It can be shown from (4-431) or (4-433) that decoupling
order is invariant with respect to coordinate transformations of the
state space. Note that for A and C in (4-403) to (4-408) the decoupling
order of each c; is n, and ny +...4n =n. From the algorithm used
to obtain the form of (4-429) and (4-430) it can be verified that the
decoupling order of each ¢y is greater than or equal to n., aﬁd the
equality holds if and only if a;J =0 forallj=1, ..., m. These
observations establish the following theorem.

Theorem 4.7. The pair (A, C), with A of dimension

n X n and C of dimension m X n, is output decouplable if and only if
q*...*tq =n where q; is the decoupling order of cy the ith row
of C. If this is the cuse, then n;, =q; for the standard forms (4-403)
to (4-408).

Output decoupling order has an interesting and useful

relationship to detection order which is stated in the following theorem.

Theorem 4.8. If f is any n-vector for which c.f # 0

(or ciA“f # 0 in the case of (4-108) ), then the detection order of f

cannot exceed the decoupling order of c..

Proof:

Let v be the detection order of f. Then f has a maximal
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generator g which satisfies

- . - o
CcA 0
' g = | . (4-434)
ca??
| ca¥! | | cr
But ciAy—l g=cf# 0, which means that ciAy_1 must be independent
of the rows of
- -
CA
| ca¥™ ]

This implies that (4-431) is satisfied for j = v. Therefore, v must be
less than or equal to the decoupling order of 3 since that is the
largest integer satisfying (4-431). This completes the proof.

It is easy to show that there always exists a vector
which has a detection order equal to the decoupling order of Cie If q.

1

is the decoupling order of Cis condition (4-431) implies_iihat there must
exist sore vector f such that MT,qi—lf =0 and c:iAqi. f# 0. The
detection order of this f must be at least q; because f is a q;ch order
detection generator for itself. On the other hand, Theorem 4.8 shows
that the detection order of f cannot exceed q;- The only consistent

conclusion is that the detection order of f is equal to q;- The fact that

such an f exists shows that decoupling order has the same invariance
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properties as detection order. Specifically, decoupling order is
invariant with respect to replacement of A by (A - D"'C) for any D".

The possibility of obtaining an output decouplable pair
by augmenting the state space will now be investigated. A plan
description given by (4-1) to (4-3) is represented by the matrix triplet
(A, B, C). Referring back to Equations (4-24) and (4-25), from which
the notion of equivalent plant descriptions was developed, it can be seen
that the property which makes two descriptions, (A, B, C) and (A,B,C),
equivalent is that |

At -t)
e OB

ceblt-t)g o E (4-435)

for all t. When this condition is satisfied, both (A, B, C) and (&, B, €)
have the same dynamic transfer from ud(t) to y{t), i.e., starting from
zero initial conditions, ud(t) elicits the same output y(t) from both
descriptions. In Section 4.2.2 only coordinate transformations were
considered, for which A and A have the same dimensions. However,
(4-435) can also be satisfied for A and A of different dimensions.
Using the terminology of Brockett [ 4 ], a representation (A, B, C) of
the plant dynamics with the smallest possible state space dimension
(i.e., smallest n where A is n X n) will be referred to as a minimal

representation. Any equivalent representation (f‘:, ﬁ, 6) (i.e., satis-~

fying (4-435) ) having a larger state is considered nonminimal. Brockett
shows that a minimal representation is both controllable and observable.
If (ZX’, ﬁ 6) is nonminimal it can be controllable or observable, but not

both.
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It must now be shown that it is possible to obtain a
decouplable representation of the plant by allowing augmentations which
preserve the equivalence property (4-435). The following theorem
places a lower bound on the dimension of the state space which is
necessary for an equivalent, decouplable representation.

Theorem 4.9. If (A, B, C) is a minimal representation

and (K, % ) is any other equivalent representation, then the decoupling
order of the ith row of C cannot be less than the decoupling order of the

i.ﬂﬁ row of C.

Proof:

Both matrix exponentials in (4-435) can be expanded in
an infinite series of the form (2-16). Since (4~435) must be satisfied
for all t, the series expansions must be equal term by term.

Equation {(4-435) is therefore equivalent to

cals = GXIB  tforall j>0 (4-436)

This implies that

- J— — —_

C ¢
. [B, AB, ..., A" ] =| . |[B, X8, , R0-1g)
: J &Nj
| cal | | CAY
(4-4317)
for all j > 0. |
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Define

W = [B, AB, ..., A" 1] (4-438)

(4-439)

=R
"
o
Y
e
)
=]
1
Z;

CA

MTj = . (4-440)

MTj = . | (4-441)

Let c; be the ith row of C, and gi the ith row of 6 Also let o be the

decoupling order of c- Suppose the decoupling order of E’i is less than
~ Nq'—l
q;- Then (4-433) implies that CiA ' can be expressed as a linear

combination of the rows of ﬁ[T q.-1’ that is
*

L8571 ~

c.A = ¥M

; (4-442)

T: qi_l

for some 1 Xm ’(qi - 1) row vector ¥. Now (4-437) implies that

Q-'l M’ti—l ~
W = c.A W (4-443)

Since (A, B, C) is minimal, (A, B) is a controllable pair and rk W = n.
gq.-1
Therefore, (4-443) can be solved uniquely for CiA !
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clAqi-l - Sifxqi_l K wl [wwl]! (4-444)
and similarly (4-437) with j = q; - 2 yields
My g1 MT’qi—l T wliwwTl)! (4-445)
Substituting (4-442) and (4-445) into (4-444) gives
ciAqi—1 = 7 1\7IT,qi_1 wwllwwl)1
= ¥ Mo g1 (4-446)

But this contradicts the fact that the decoupling order of ¢ is q;-
Therefore, the decoupling order of gi cannot be less than q;- This
completes the proof.

By this theorem the decoupling order of any row of C
cannot be decreased when the state space is made larger than the
minimal one. Therefore, to obtain a decouplable representation (if the
minimal one is not decouplable) the state space must be enlarged to a
dimension of at least (qi + ...+ qm), where q; is the decoupling order
of the ith row of C in a minimal representation. Appendix C demon-
strates that this lower bound is, in fact, reachable. It presents a way
of augmenting a representation to obtain an equivalent decouplable
representation with dimension (q1 + ...+ qm).

To reiterate, a plant representation in the form of (4-403)

to (4-408) was shown to be desirable for the detection of changes in
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plant dynamics. The extended development on output decoupling and
augmented representations was necessary because it is essential to be
aware of the assumptions tacitly made about the plant when it is
represented in the form of (4-403) to (4-408). Specifically the assump-
tions are as follows:
(1) The plant is observable.
(2) The output decoupling order of the ith sensor (i.e.,

the deqoupling order of c; in the minimal representa-

tion) does not exceed n..

The first assumption is entirely reasonable when
dealing with the identification of plant dynamics from sensor outputs.
It was noted in Chapter 2 that the unobservable portion of the dynamics
cannot be determined from the output (and input). It does not make
sense, then, to model the plant with an unobservable representation
when the unobservable portion cannot be identified. The second
assumption places a restriction on the kind of dynamics changes which
the standard form model can handle. To be specific, the plant dynamics
should not change in such a way that the decoupling order of the ith
sensor exceeds n,. If this happens (4-403) to (4-408) cannot be a valid
model (i.e., an equivalent representation) of the plant for any values
of the elements aiji .

about the possible plant dynamics changes, the larger the model will

This means that the less prior knowledge one has
have to be to guarantee a valid representation. Suppose, for example,

it is known that the decoupling orders of the sensors will remain fixed

at known values (ry1 for the ith sensor). Then the plant can be safely
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modeled by a representation of the form (4-403) to (4-408) with a state
space of dimension (n1 + ...t nm). If the decoupling orders of the
sensors do not necessarily remain fixed, but an upper bound Hi is
known for each sensor, then the plant can be modeled in the form of
{4-403) to (4-408) with a state space of dimension (Hl + ...+ Hm). If
the dimension of the minimal plant representation is known to be fixed
at (or at least does not exceed) n, and it is further known that the
sensors all remain independent (i.e., that rk C = m in the minimal
representation), then an upper bound on the deco upling order of any
sensor is (n - m + 1). In this case the plant can be modeled with a
state space dimension of m «{n - m + 1). It is interesting to note that
this number attains a maximum value for m near % and approaches n
as m approaches 1 or n. Finally, if it is known only that for the
minimal representation rk C is at least k and the dimension of the state
space does not exceed n, then the upper bound on the decoupling order
of any sensor is (n - k+ 1). In this case a model with an [m +(n - k+ 1)]
dimensional state space will always be valid.

The standard form of (4-403) to (4-408) can be inter-
preted in a different way which may have more physical meaning in
many cases. The state space description of the plant given by (4-1) to
(4-3) is equivalent to a set of m linear, coupled, scalar differential
equations relating the output variables {yi(t) ;i=1, ..., m} to the
input variables {udj(t); j=1, ..., r}. In Chapter 5 this set of
differential equations is developed for the case in which A and C are
in the form of (4-403) to (4-408) (Equations (5-52) to {5-55) ). From

these ecuations it can be seen that each row of blocks of A in (4-403)
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corresponds to one differential equation. For example, the blocks

{A s Aim} (and the corresponding row of block is B) are

ir -
associated with a differential equation for the output component yi<t>'
This differential equation is of order ni(where Aii is n, X ni). The
highest derivative of yi(t) in this equation is n;. The significant feature
of this equation is that the highest derivative of any other variables

( yj(t) for j # i and ug,(t) forall £ =1, ..., r) is less than n.. In
other words, the driv-'mg terms, involving gy (t) for £ =1, ..., r,

and the cross-coupling terms, involving yj(t) for all j # i, all have
lower order derivatives than the highest order derivative of y(t),

which is

n.

d 1

n,
1

y;(t)

dt
If the plant dynamics can be described by a set of input-output equations
having this property, then the state space description can be put into
the form of (4-403) to (4~408), and vice versa. The meaning of the
general form of (4-430) is that if some a13 # 0 then there exists a
cross~coupling term involving

gl

n.
at t

Y5 (t)

whose order is equal to the highest derivative of yi(t).
In closing this section, some final observations should

be made.
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1) Although it was not proven, it will be found that if the
form of (4-430) with alz # 0 is used for a plant model then, in addition
to the objections already noted, more than one detection filter may be
necessary to detect all of the coordinate directions. This happens
because the presence of a nonzero a’fj makes certain nonseparable
coordinate directions have nonidentical detection spaces. This results
in uncontrolled eigenvalues which must then be investigated for satis-
factory filter dynamics.

2) The form of C in (4-407) implies rk C = m where
m is the number of sensors. It may happen that in the minimal
representation for the plant rk C <m. Appendix C considers this
possibility, and in any case the C in the augmented representation will
have full rank m.

3) Because of the form of hi! (t) in (4-421), the ¢ij£ (t) |
forg =1, ..., n, in (4-424) are the components of the state vector

for the ni—dimensional system

- 0—1
- T : —
0 {0 = Ppoym + | - |y (4-447)
L 1
with
hl 6351V |
;) = ) (4-448)
6. (t)
LY
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where P, is given by (4-419). Similarly the Lpijﬂ (t) in (4-428) are the

components of the state vector for

0
» _ T e _
gij(t) = Pi gij(t) + 0 udj(t) (4-449)
. 1 —
with
?ﬁlu)
gJ_ij(t) = (4-450)
'JJijni(t)

Chapter 5 discusses several methods for processing the error signals
given by (4-423) and (4-427) to determine -Aaijﬂ and Abijlz .

4.3.7 Sensor Failure Information

In Section 4.2.3 it was found that the best information a
detection filter could provide about the sensor failures was an error
signal constrained to a two-dimensional plane. It will be shown in this
section that this can also be achieved in the case of a partially
measurable state vector.

When the i'0 sensor of the plant given by (4-1) to (4-3)
suffers a failure as described by (4-55) the equation for the state error

can be obtained from (4-56)

elt) = (A -DC)elt) + d; n(t) (4-451)
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where di is the ‘ith column of D.

d. = Dé&_. (4-452)
1 mi
The accessible output error is defined by (4-72) as
ett) = ylt) - Czlt) = Celt) + é‘mi n(t) (4-453)

Theorem 4.1 is not directly applicable to (4-451) because di corre-
sponding to f is not fixed, but depends on the detector gain D which is
under the control of the designer. Therefore, some additional results
are necessary to show that a detector gain does exist which will
constrain the output error to a plane, In previous sections an event has
been associated with the drive term of the state error equation; for
example, T in Equation (4-73). It is not satisfactory to associate a
sensor failure with di’ however, because this vector can be changed

at will and has no inherent relationship to the sensor. For this reason

failure of the ith sensor will be associated with Css the ith row of C,
and detectability of this event will be defined accordingly.
T
Definition 4.13. The i row of C, ¢, =8 ¢, is
mi

defined to be sensor detectable if there exists a matrix D such that

(1) € '(t) is constrained to lie in a two-dimensional plane
in the output space, where €'(t) is given by (4-453) and
€(t) is the settled-out solution of (4-451) with n(t) an
arbitrary scalar time function, and

(2) at the same time, all eigenvalues of (A ~ DC) can be

specified almost arbitrarily.
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The following theorem provides sufficient conditions for
sensor detectability. Its proof will lead to the design procedure for a
sensor failure detection filter.

Theorem 4.10. If (A, C) is an observable pair and C.

th

the i row of C, is linearly independent of all the other rows in C,

Then c; is sensor detectable.

Proof:

Let f be an n-vector satisfying

cf = & . (4-454)
mil

Note that a necessary and sufficient condition for the existence of such
an f is that c; be linearly independent of all the other rows of C. By
Theorem 4.1, f is detectable. Let v be the detection order of f, and g
its maximal generator. First choose D to be a detector gain for f by
constraining it to be a solution of (4-113), or equivalently (4-119). Then
as shown in Section 4.3.1, A -DC =A'" - D'C"' where A" and C' are
given by (4-133) and (4-134), and D' is arbitrary. With (4-454),

Equation (4-119) for D reduces to

= A = - - v-1 v
DCf = Demi = d; = p1g+...+pVA g+ A g
(4-455)
or using (4-168)
di = zgtAf (4-458)

where Z4 is given by (4-170).
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The purpose of making D a detector gain for f is that
di has been fixed, as shown by(4-456). The sensor failure detection
filter can now be obtained by making D' a detector gain for di' Note
carefully, however, that in determining this second detector gain
one must start with the matrix pair (A", C") instead of (A,C). In
applying the results of Section 4.3.1, A and C must be replaced by
A' and C'. The only additional consideration necessary is the fact
that (A',C") is not an observable pair, since

iy

—CT

CrA"
rk . = n-Vv (4-45T7)

Lé,A -1

It was shown at the end of Section 4. 3.1 that even for a nonobservable
pair a cdetector gain can be found for any vector which does not lie in
the unobservable space. Assume first that di does not lie in the
unobservable space of C'" with respect to A'. Then it is possible to
find a D' which is a detector gain for d. (with respectto (A", C') ), and
at the same time specify almost arbitrarily (n - V) eigenvalues of

At -D!C' = A -DC. The remaining v eigenvalues are associated
with the unobservable space of C' (the detection space of f) and have
already been specified by constraining D to be a solution of (4-455).
Therefore, all the eigenvalues of (A - DC) can be almost arbitrarily

specified.

220



It must now be verified that the output error given by
(4-453) will be constrained to lie in a plane. With D' selected to be a
detector gain for d, with respect to (A',C"), it is known that C'e(t)

must lie in a fixed direction, where €(t) is the settled-out solution of

€lt) (At -D'C') elt) + d, n(t)

2]

(A - DC) €ft) + di n(t) (4-458)

Let the fixed direction be represented by an m-vector Yq- Then C'e(t)

can be expressed as
Clelt) = ygqo4t) . {4-459)
where ¢,(t) is a scalar function depending on n(t). Now from (4-134)

C! c - ctlcnTet] LienTc

- _ A AT _ A (4
= C €nifmi C = C €mi i (4-460)

T
where ¢, =8 € is the i"" row of C. (Note that C' is simply C
mi

with the ith row set to zero.) Then

Ceft)

Cle(t) + /e\rni c; €(t)

AN ’
Ygq ¢d(t) + € i % e(t) (4-461)

and the output error is
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€'(t) = Ce(t) + é‘mi n(t)

= ¥qPalt) + é‘mi<n(t) + cie(t)> (4-462)

Since (n(t) + c.le(t)) is a scalar function, it is clear that €'(t) lies in
the two-dimensional plane formed by Y4 and é\mi'

In obtaining this result it was assumed that di did not
lie in the unobservable space of C'. Suppose now that di does lie in

this space. Then

o -
CIAI’
. d. = 0 (4-463)

Cram-l

s —

By (4-182) and Definition 4.5 this means that di lies in the detection
space of f. This, in turn, means that D satisfying (4-455) is a detector
gain for di as well as f. In this case the second step of making D' a
detector gain for di is unnecessary, and one can immediately conclude
that Ce(t) lies in a fixed direction. If this direction is represented by
yg then €' (t) lies in the two-dimensional plane formed by y4 and ’émio
The choice of D' is unconstrained and can be selected to arbitrarily
specify (n - V) eigenvalues of (A - DC). As before, the remaining v
eigenvalues are specified by choice of the coefficients in (4-455). This
completes the formal proof of the theorem.

This proof shows in a general way how to proceed in

designing a detection filter for sensor failures. Some additional
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material will now be presented which is of significant value in develop-~
ing practical design procedures for these detection filters. In remark 4)
at the end of Section 4.3.1, a coordinate transformation was used to
demonstrate how a detector gain could be found for a nonobservable pair.
In effect the problem was transformed so that the unobservable part of
the state space was eliminated from consideration, and the results of
Section 4.3.1 could be applied to a subspace which was observable —

specifically the observable pair (A 61). In practice it is neither

11’
necessary nor desirable to actually perform a coordinate transformation
to find a detector gain D'. The same result can be achieved with the
notion of vector equivalence classes. A complete formal development
of this concept can be found in [ 7] . Only a brief introductioh will be
given here.

Denote the unobservable space of C' with respect to A
by E. Two vectors Xy and X, in the state space are defined to be

equivalent modulo E (denoted x,  x, {(mod E) ) if their difference lies
1 2

in E. The set of all equivalent vectors forms an equivalence class.
The equivalence classes themselves can then be considered members
of a new vector space replacing the original state space. Because E is
an invariant subspace with respect to A", it can be shown thaj: Al is a
linear operator in the vector space of equivalence classes (mod E).
Also, C' can be viewed as a linear operator from the space of
equivalence classes into the ordinary m-vector output space. All the
results of Section 4.3.1 can then be applied to this new state space
(with A and C replaced by A" and C'). The end result is that all vector

equations in the state space (i.e., vector equations with n rows) remain
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n_tt

valid except that is replaced by ''= (mod E)'". All other equations
(for example, (4-80) and (4-91) retain the true equality sign. There is
one exception to this rule. An equation in the state space retains the
true equality sign if it is derived entirely from equations in which true
equality holds. An example is (4-105) which is derived from (4-80).

. Let V' be the detection order of di with respect to
(A',C'") and g' its maximal generator (mod E). In this situation the
maximal generator (mod E) is not unique because any vector equivalent
to g' is also a maximal generator. The uniqueness assertion of
Theorem 4.4 applies to the equivalence class of maximal generators
rather than a specific n-vector. The algorithm of Appendix A for finding
a maximal generator is applicable to nonobservable pairs, so it can be

used to generate a g'. Specific note is made of the nonobservable case

in the appendix. The equation for D' corresponding to (4-113) is

vi-1

- 1
D'C'A'Vl 1g' = p gr+pr Argr+...+p' Al g'
1 2 p!
V'
+ A' g'(mod E) (4-464)
This is equivalent to the equation
vi-1 ' v'-1 V!
D'C'A! g! =pJ'_g'+...+pV’A' g+ A g'+zE
(4-465)

where Zp is any vector in E. The coefficients pi' and the vector 2

can be arbitrarily specified by the designer except that Zg must lie in

E. A simple choice for Zp is 0.
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When a D' satisfying (4-465) is used to form (A' - D'C’)

= (A - DC), this matrix will have v eigenvalues given by the roots of

v v-1 _ _ ‘
s 4+ P8 + ...+ pzs + Py = 0 {4-4686)

and v' eigenvalues given by the roots of

V! vi-1
s + p',is + ... F p'zs + p'1 = 0

(4-467)

This fact can be verified by introducing the coordinate transformation

G - T; (4-DC) T, (4-468)
where
T, = [Wg, Wé, ng] (4-469)
with
Wg = [g (A-DQ)g, ..., (A - DC)V-l g] (4-470)
Y-
Wé = [gr, (A'—D'C')g', e, (A'-—D'C')V 1g3}
'—
= [g', (A-DC)g', ..., (A-Dc)Y “tgr
' (4-471)
and ng is any n X {n - ¥ - ¥') matrix which makes Tg nonsingular.

From (4-115)

(A -DC)W

i

W _P 4-47
g ( 2)

where
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[0 o0 0 -p, |
1 0 '
P = |0 1 . v X V) (4-473)
. o .
i 0 0 1 'g)v i

The equation with D' corresponding to (4-115) is

p! v'-1
(AI_chl) gv - 'pig'"'"'"pl'}r(A'“D'C’) gl+zE
(4-474)
where 2 is the same vector appearing in (4-465). Then
- ! - v [ Nal ! - ! ! ra
(A - DC) Wg (A D'C )VVg WgP + WG12
(4-475)
where
0 0 0 -pj |
1 0
P! = 0 1 o . (v' xXv")
0
K
(4-476)
and
B B
0 0 op
_G—-lz = . . o (Zj X V')
LO . 0 Opy, i
(4-477)
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The scalars {a -, g} are defined by

El

Zp T Op8 + aEzAg + ...+ o, A g

(4-478)

Any vector in E can be expressed uniquely in this form because the set

v-1

of vectors {g, Ag, ..., A g} form a basis for E. TUsing these

results the coordinate transformation yields

P Gy Gy |
G = 0 P! Gyq (4-479)
....9 2 633..
where
A - DC)Tgz = Wg"G13 + Wé'c‘}23 + TgZGBS (4-480)

From the block triangular form of G it is clear that (v + V') eigan-
values of G, and thus (A - DC), are given by (4-466) and (4-467). The
remaining (n - ¥ - V') eigenvalues can be specified by the freedom left
in D' after constraining it to satisfy (4-465).

The design procedure suggested by the above material
is quite straightforward. First g, the maximal generator of f, is found.
The coefficients p; are selected and together with g, A' and di can be
formed. Then starting with A', C', and di the standard design
procedure for an ordinary detection filter can be followed to determine
a suitable D' to detect di' The only difference is that the designer has

in

some additional free choices to make, such as the vector Zpg

(4-465).
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By taking advantage of equivalence properties arising
from the vector equivalence classes it is possible to introduce a number
of simplifications in the procedure described above. To begin with,

di can be replaced by any vector which is equivalent (mod E). Since

z4 in (4-426) is in E, Af is such a vector. Besides being simpler to
form, Af does not depend on the coefficients p;- The matrix A' can
also be replaced by any other which is equivalent (mod E). The matrix
K given by (4-167) is equivalent to A'. Like Af, it is simpler to form

and does not depend on the p;- To show that K and A' are equivalent

(mod E), let x be an arbitrary n-vector, and note from (4-169) that

®-ax = z [enTer] HenT cx
= zd(CiX) (4-481)
since Cf = gmi' But (CiX) is a scalar so the vector on the right is
always in E. Hence
(K-A'"Yx = 0 (modE) (4-482)

for arbitrary x. This implies that K - A' = 0 (mod E) or
A' = K (mod E) (4-483)

Equation (4-465) can be written in terms of K as

v'-1 v!

- 1
D'C'K g - pig, + ... o+ pyny 1g|+KV gv+zl

E
(4-484)

where =z %I is any vector in E.
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Replacement of A' and di by K and Af, which do not
depend on the P also allows certain steps in the desigh procedure to be
performed in a different order. In particular it becomes possible to
generate g' during the same sequence of operations in which g is
generated. (Previously, g had to be found and the P; selected before
A' and di could be formed to generate g'.) Generating g and g' in
the same operation is more efficient computationally than the two-step
process necessary when g' is found using A' and di' The procedure
is described in Appendix A.

Returning to (4-459), the vector ¥4 can now be more

precisely identified. If C'Af # 0 then

—_ ] 1
yq = C'd C'Af

i

A
CAf - emi(CiAf) (4-485)

using (4-460). Then the output error €'(t) given by (4-462) lies in the
plane formed by CAf and é\mi' In general, if C'A'jAf = C'KjAf =0

for j=0, 1, ..., 2 - 1 and C'A"fAf = C'K!Af # 0, then
- y oL - | A yJ oy
yqg = C'K'Af = cK'Af - 8_ (cK'Af (4-486)

and €'(t) will lie in the plane formed by ck!Af and ,e\mi' Note that the
error plane does not depend on the eigenvalues specified for (A - DC)
(i.e., on the p; or pj'). A Laplace transform analysis of the complete
error dynamics can be performed in a manner similar to that in

remark 5) at the end of Section 4.3.1. The coordinate transformation
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given by (4-469) to (4-471) can be used for this purpose. If this is

done it will be found that, in addition to results corresponding to those

in remark 5), the error dynamics also depend, in part, on Zp in (4-465)
and even on the particular g' used in that same equation (recall g' is
not unique). Unfortunately the complete results of the Laplace transform
analysis in this case are considerably more complicated than those
obtained in remark 5). The significantly greater amount of computation
required to obtain and interpret the results reduces their practical
usefulness.

Up to this point the design of a filter to detect only a
single sensor failure has been considered. With the use of equivalence
classes (mod E) the results of Sections 4.3.2, 4.3.3, and 4.3.4 can be
applied to the problem of designing a detection filter to detect a number
of sensor failures. The steps in design correspond in a general way to
those listed in Section 4.3.5 with some additional considerations.

Below is a brief description of a straightforward design procedure. It
is not necessarily the most efficient computationally.

1) Consider k rows of C, each of which is independent

of all other rows in C. For convenience of notation let these be the

first k rows {cl, ce e ck}. For each ¢, determine fi such that
Cf, =2 ..
i mi

2) Form F = [fl’ e, fk] . By construction in step 1)
the fi are all output separable vectors. Generate the Qi and as
described in Appendix B. If A does not exist (has zero dimension), the

}E’i are mutually detectable. If A does exist, identify its eigenvalues

and decide if they are satisfactory. If not, apply the results of

230



Section 4.3.4 to subdivide the set {fl, ..., £, } so that the undesirable
eigenvalues are eliminated. If the standard form model of the plant
suggested in Section 4.3.6 is used, the fi will always be mutually

detectable. This step can be skipped in that case.

3) Let {fl, .» f, } be a set resulting from step 2).
1
Form the vectors {Afl, ..., Af,_} and the matrices A' and C'
1
defined by (4-254) and (4-255) with F = [fl, .-+, fi ] . For each
1

vector Afi one of three possibilities must hold.

(i) Afi does not lie in the unobservable space of C'
with respect to A'.

(i) Afi does lie in the unobservable space of C',
and any detector gain satisfying (4-245) is also
a detector gain for Afi'

(iii) Afi lies in the unobservable space of C', but
a detector gain satisfying (4-245) is not a

detector gain for Afi'

Case (ii} will result if Afi lies in the detection space of some fj. It
may also result when Afi lies in a subspace made up of several
detection spaces which have s;)me identical eigenvalues. The chance
of this special situation occurring is made more likely by specifying a
large number of identical eigenvalues for the detection space of the fj.
In any case, one way to check for the occurrence of case (ii) for any
Afi lying in the unobservable space of C' is to determine if the
sequence of vectors {CAfi, CA 'Afi, ..., CA 'n-lAfi} all lie in cne

direction. If they do, case (ii) applies, if not case (iii) applies.
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Retain all fi for which (i) or (ii) holds and remove any others from
the set,
4) Let {fl, cees £y } be a set resulting from step 3).
2

Define A' and C' by (4-254) and (4-255) with F = [f ., f The

1’ kz] ’
Afi in category (i) of step 3) must now be checked for mutual detecta~-
bility with respect to (A',C'). This means essentially repeating
step 2) with A, C, and the fi replaced by A', C', and the Afi' For
any Afi which produces undesirable eigenvalues, the corresponding fi
is removed from the set {fl’ v e, sz}. If some vectors are removed,
some Afi may move from category (ii) to category (i). Then mutual
detectability of the Afi must be rechecked with the new members.

5) Let {fl, cees fks} be a set resulting from step 4).
A detector gain for the Afi in category (i) can be found by solving a
set of equations for D' of the form of (4-245). The remaining freedom
in D', if any, is used to specify the remaining eigenvalues of (A' - D'C").
A procedure analogous to that mentioned in step 4) of Section 4.3.5 can
be used to do this. The resulting matrix (A' - D'C') = (A - DC) yields
a detection filter which will detect the failure of any of the k3 sensors
associated with the vectors {fl’ . s ka} .

It should be emphasized that when the plant is modeled
in the standard form suggested in Section 4.3.6, many of these steps
are considerably simplified and can often be completed by simple

ingpection. Chapter 5 discusses the processing of detection filter

error signals to diagnose sensor failures.
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4.4 Summary

The concept of a detection filter and the motivation for its
development was discussed in Chapter 3. Basically it is designed to
provide information which will aid in the detection and identification of
effector and sensor failures and changes in the linear plant dynamics
as described in Chapter 3. The detection filter produces an output
estimate which asymptotically approaches the actual output of the
sensors when there are no failures, plant changes, or other disturb-
ances. A deviation from the undisturbed cbndition produces an
accessible error signal which is the difference between the actual
sensor outputs and the filter estimate of those outputs. The essential
feature of a detection filter is that it is designed to respond in a special
way to certain failures or changes. Of course any other disturbance
may also elicit an error response from the filter, but by knowing and
looking for the special responses it is possible to detect and identify
the occurrence of a failure or change even though it is obscured by the
ambient disturbance level.

When a failure or change occurs which a certain filter has been
designed to detect, that filter will produce an output error signal which
has a fixed direction (the outpﬁt error is a vector-valued signal). That
fixed direction is identified with a certain failure or plant change.
There are two qualifications to this ideal situation. TFirst, several
failures or changes may be associated with a single error direction.
Often additional information (e.g., dynamic properties of the error
magnitude) can help to differentiate among such possibilities. Second,

it is not possible, in general, to construct a filter which produces a
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fixed-direction error in the case of a sensor failure. The best that
can be done is to constrain the error to a two-dimensional plane.

When there are a sufficient number of independent sensors to
be able to determine instantaneously the state of the plant (assuming
perfect measurements), the state vector is considered to be fully
measurable. In this case, as is shown in Section 4.2, a single
detection filter can provide information about all the events described
in Chapter 3 — effector failures, sensor failures, and changes in plant
dynamics. This filter is of the same order (state vector dimension)
ag the plant. In response to a single failure or change it produces an
error signal fixed in direction, with a magnitude equivalent to the response
of a first order linear system driven by the magnitude of the failure or
change (i.e., the magnitude of the deviation from the normal operating
characteristics of the plant). The time constant of this first order
response can be arbitrarily specified by the designer, but is the same
for all events. Of course it is not necessary to use a single all-purpose
filter. In some situations it may be preferable to use several filters
and tailor their dynamic characteristics to match the characteristics
of different events. It would seem desirable, however, to keep the
number of detection filters small.

When the state vector of the plant is not fully measurable, it is
not possible to construct a single all-purpose filter which provides
information about all events. It is not difficult to show that even in this
case it is possible to construct a filter which produces the characteristic
fixed-direction error signal in response to one event at least. But there

are two other important considerations in the design of a detection filter.
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The first is the ability to control certain dynamic properties of the
filter while achieving the fixed-direction error characteristic. Not
only is it important to be able fo avoid undesirable (e.g., unstable)
filter dynamics, but also to be able to tailor those dynamics to enhance
the response to the events of interest and suppress the response to other
disturbances. The results of Section 4.3.1 show how it is possible to
obtain the fixed-direction error response for one event and at the same
time retain control over the poles of the detection filter. It is found
that the error magnitude response is not necessarily that of a first
order system as it was in the case of a fully measurable state vector.
However, for each event there is a maximum system order for the
magnitude response beyond which the fixed-direction property cannot
be achieved. This order is defined as the detection order of the event.
It is found that the order of the error magnitude response should be
made a maximum, i.e., equal to the detection order, if one wishes

to remain control over as many poles of lthe filter as possible. The
poles associated with the magnitude response can be arbitrarily
specified by the designer, but the zeros cannot. It is possible to
determine the location of the zeros before specifying the poles, sc zeros
in the left half of the complex'plane can be cancelled with poles if
desired.

Because the control of the detection filter poles is included in
the problem of detection, the condition of observability of the plant
appears in the results. When a plant model is not observable, then a
detection filter which considers the full plant will have a certain number

of poles equal to those of the plant, and these cannot be controlled by
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the designer of the filter. In a practical sense observability plays
only a superficial role, however. The whole subject of detection here
is based on obtaining information from only accessible signals. As
noted in Chapter 2, when a plant is not observable, the unobservable
portion has no effect on the accessible signals. That portion then is
"unknowable' with respect to accessible signals, so for the purpose of
detection it does not make sense to model the plant dynamics with an
unobservable representation.

The second important consideration in the design of a detection
filter is to make the filter as versatile as possible, i.e., able to
provide information about as many events as possible. This problem
is the subject of Sections 4.3.2, 4.3.3, and 4.3.4. It is found that in
constructing a filter to detect a number of events it is not always
possible to retain control over all the poles of the filter. Section 4.3.3
shows how to determine which events can be detected by the same
filter while still retaining control over all poles. Section 4. 3.4 takes
a broader view and allows the possibility of uncontrolled poles in the
filter. It demonstrates how to identify such poles and how undesirable
poles can be eliminated by removing certain events from the set of
events which the filter is required to detect.

The final three sections in the chapter specialize the previous
general results to the three types of events described in Chapter 3.
Section 4.3.5 deals with the detection of effector failures. A brief
step-by-step design procedure is presented, and the error response of
the resulting filter is discussed. Section 4.3.6 considers the use of

detection filters to determine changes in plant dynamics. It describes
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a standard form model for the plant which simplifies the design process
and makes it possible to produce information about all changes in plant
dynamics. This model may have a larger state vector dimension than
the minimum dimension necessary to represent the plant when the
dynamics are completely determined. The enlarged state vector
reflects the uncertainty introduced by the possibility of changes in the
plant dynamics. Section 4.3.7 deals with the most complex problem

in detection filter design -- the detection of sensor failures. It is shown
that the error response to a sensor failure can be restricted tc a two-
dimensional plane if that sensor output is modeled as being independent
of the other outputs driving the filter. In the standard form suggested
in Section 4.3.6, every sensor output is modeled as independent of all
the others. If in the minimal plant representation some sensors are
dependent and are so modeled, then a more direct way of detecting a
failure is by a simple comparison of outputs. This point is illustrated
in Section 4.2.3. The detection-filter method of detecting sensor
failures complements the direct-comparison method. The direct-
comparison method can be used only if the sensor is dependent on other
sensors, whereas for the detection-filter method the sensor is assumed
to be independent of the other sensors.

A detection filter for any type of event is of course based on a
model of the plant dynamics. One detection filter, at least, will have
the responsibility for detecting and identifying changes in these
dynamics — in effect forming a new plant model. Having obtained a
new plant model,all the other detection filters must be rechecked and

adjusted, if necessary, to fit the new model. Therefore, it is important
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to the overall reorganization scheme to have efficient filter design
algorithms which can be carried out by on-line computers. For this
reason reference is made throughout Chapter 4 to Appendices A and B
which describe algorithms for obtaining the various vector and matrix
gnaitities necessary in the filter design process. These algorithms
are developed for a general linear plant description. When a standard

form plant model is used, a number of significant simplifications result.
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CHAPTER 5

IDENTIFICATION DECISIONS

5.1 General Discussion

This chapter investigates the problem of identifying events from
the error signals produced by detection filters. The detection filter is
designed to produce a fixed-direction error in response to certain events.
Ideally the identification problem is a simple matter of noticing the
fixed-direction error and associating it with a specific event. The
actual identification problem is more difficult than this for two reasons.
The first is that the detection filter may be responding to other disturb-
ances besides the specific event producing a fixed-direction error. When
these extraneous errors are added to the fixed-direction error the
result is an error signal not fixed in direction. The total error must be
processed somehow to recover the fixed-direction signal from the
extraneous errors. Noise disturbance in the sensor outputs or entering
through the.plant dynamics is one source of extraneous errors. A
second source is the occurrence of multiple events which must be
detected by different filters. For example, changes in plant dynamics
will cause extraneous errors in the output of a filter designed to detect
effector failures.

The second complicating factor in the identification problem is
the case of nonseparable events which cannot be distinguished on the
basis of error direction alone. The most important example of this

arises in the detection of changes in plant dynamics. As was seen in
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Sections 4.2.2 and 4.3.6, error direction alone is not sufficient to
determine which elements of A or B have changed. Error magnitude
information is also necessary. The identification of plant dynamics is
treated as a special case in the next section. The identification of

effector and sensor failures is investigated in the final section.

5.2 Plant Dynamics Identification

This section discusses the problem of determining changes in
plant dynamics from the error signal produced by a detection filter.
The problem will be considered first in a formal mathematical frame-
work. This will show, in theory, what information the error ’S;ignal can
and cannot provide about plant dynamics. Such results will establish
the limitations on what can be expected from any dynamics identification
scheme based on detection filters. Section 5.2.2 compares the detection-

filter method of dynamics identification to some other methods.

5.2.1 Conditions for Identifiability

This section investigates the conditions under which the
plant dynamics can (and cannot) be uniquely determined from the informa-
tion provided by a detection filter, assuming perfect knowledge of the
input and output vectors of the plant.

It will be assumed that the plant is modeled by

x(t) = Ax(t) + Bult) (5-1) |
ut) = uy(t) (5-2)
yt) =

Cx(t) (5-3)

with A and C in the standard form suggested in Section 4.3.6
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A11 .
A =
Aml'
0 0
1 0
Aii = 0 1
0 0
o .
A.. =
1]
0 .
[0 .
A.. =
Jl
0 .
and

where nj > n.,

where

a'in
Jmny

(m X n)

(n X n)

(n.l X ni)

(niZX n.)

(nj X ni)

(5-4)

(5-5)

(5-6)

(5-7)

(5-8)

(5-9)



i)
=5
o8

n, + ... + n = n {(5-10)

The matrix B is partitioned to conform to the blocks of A as in Section

4,.3.6

b11 e e e e 'blr
B = . . (DXI‘) (5—11)
bml' - - - ob
ij1
bij = . (n.l X 1) (5-12)
L ijni_i

The error response to changes in individual elements of A and B is
given by (4-423) and (4-427) respectively. Adding together the effects

of all allowable changes in A and B yields a total settled-out output

error of
n..
m m ij
9 - P
't = Z z Adiy By5p M) €
i=1  j=1 f=1 .
n.
m r 1
A
+ Z Z Abijl Lpijﬂ (t) emi (5-13)
=1 =1 1=1

with ¢ijﬂ (t) and kpij! (t) given by (4-424) and (4-428). In the first term

on the right side of (5-13) the summation on £ has the upper limit of

nij = min {ni, ‘nj} (5-14)

242



instead of simply n, because nonsquare blocks of A have the form of

(5-7) in which a, . is identically zero for all £ > Eij' This results

4
from the algorithm of Appendix C for obtaining the standard form. The
ith component of €'(t) is
n n.
m ij r i
! -—
'y = z Ay 950 Z z ADyze b0 ®)
=1 2=1 =l 2=1
(5-15)
Define the following vectors:
r 1
A2451
TFij = . forj=1, ..., m (5-16)
Aa,.
L Py
- -
Abiy
ﬂi,m+j = . for j=1, ., I (5-17)
Abijni
60
‘g"ij(t) = . for j=1, ., m {5-18)
955, )
L LN -
£ i,m+j(t) = for j=1, ..., r {5-19)
Yi5n, )
L L
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and with these vectors form the composite vectors

i1
m,o= . (5-20)
7ri,m—!-r
£,
Ei(t) = . (5-21)
i, m+r(t)
Now (5-15) can be written as
@) = £l (5-22)
€ B AL

The basic problem in identification of plant dynamics is
to solve (5-22) for T, given e‘i(t) and Si(t). The question of interest
here is to determine under what circumstances this is theoretically
possible. Equation (5-22) can be viewed as a linear mapping from
Fuclidean space into the vector space of continuous scalar functions
over some time interval tl <t<L tz. From the theory of linear mappings
(Section 12 in [4]) it is known that . in (5-22) can be determined to
within an additive constant vector which lies in the null space of E'ir (t).
The null space of E’ir(t) is the set of all vectors T for which §r.1r(t) wo‘is
identically zero on the interval [tl, t2] . A time-invariant vector
equation can be obtained from (5-22) by multiplying by Ei(t) and

integrating over [tl’ t2] . This yields

gei = Mi(tl’ tz) T ‘ (5-23)
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where

to
%’6.1 = g £,(t) e";(t) dt (5-24)
b
and
ta
M(t), ty) = § g.(t) £ () dt (5-25)
t

Any s which satisfies (5-23) also satisfies (5-22) and conversely.

The null space of E?(t) over [tl,,t coincides with the null space of

N
Mi(tl, t2). This result is proven by Brockett (Lemma 1, Section 14 in
[4]). It is clear from (5-23) that T, canbe determined uniquely if and
only if Mi(tl, t2) is nonsingular. If Mi(tl’ tz) is singular then for any
T which lies in the null space, e’i(t) will be zero over the interval
[tl, tz] . This means that all standard form models whose parameters

have a vector difference T lying in the null space of Mi<tl’ t,) can

)
reproduce exactly the output of the ith sensor over the interval H]i’ tz} .
A1l such models adequately explain the dynamic behavior of the plant
over [tl, tz] as measured by the ith sensor. Without additional
information there is no basis for choosing among these models. In other
words, any which satisfies (5-23) will yield a model which can dupli-
cate the plant behavior over [tl, tz] as seen by the ith sensor. Of
course the main purpose of having a plant model is to be able to predict
future plant behavior. It is of interest, therefore, to determine the

conditions under which differences between plant and model are

indeterminant and to investigate the nature of those differences. For
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this purpose it is necessary to determine what circumstances produce

a singular M.l(tl, tz). Suppose Mi(tl’ t2) is singular and =

is a
o}
nonzero vector in the null space.

Since, as noted above, the null spaces
of Mi(f:l, t2) and E;r(t) coincide

%‘iT(t)wo = 0 for all t,<t<t

1 9 (5-26)

Partition L into (m + r) vectors conforming to Si(t).

T

ol
T, = . (5-27)
7To,m+r
with
7Tojl
7Toj = . for j=1, ..., m (5-28)
T e
OJnij
and
Tojl
T . = . for j=m, ..., m+r
0]
Tojn;

i (5-29)

where the 7#_ ., are scalars.
ojd

From the definition of Ei(t) (5-26) can be
written as

n.. n.
ij i

m I
z USTR TR z z To,mtj, g Vg ® = 0 (5-30)
j=1 =l 1=1
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This equation is equivalent to a linear differential equation for gbiﬂﬁ}
and Lpijl(t). To see this, note from the definition of huz (t) (4-421)

used in forming ¢ij£ (t) and q"ijl (t) it follows that

2-1
- d — - %
¢ij1(t) = :j?-‘_—l ¢131(t) for £ = ]., oo ey ni {5 313‘
and
d!—l
Lpiji(t) = (—i-tT_—l Lbijl(t) fore =1, ..., .ni {5-32)
Then (5~-30) becomes
n.. n.
2 i gt-1 o4 gt-l
E Tojt L I-T 03518 + Z z To,mrtj, 8 A1 Y - o
j=1 2=1 j=l £=1
{5-33}
To simplify notation define
J4
A= O (5-34)
dt
Then (5-33) can be written
m r
i=l =l
where
n..
1
- £-1
£=1




and

n.
1

) 2-1
1=1

By their definitions ¢ij1(t) and q»ijl(t) are related to yj'(t) and udj(t)

through the differential equations

TRVY) ¢ijl(t) = udj(t) (5-39)
where
n.
i
S 2-1

Y
1]
y—

The Py which appear in (5-40) are the same as those appearing in
(4-419). These are the coefficients chosen by the designer to specify
the poles of the detection filter. Applying the differential operator

u; (1) to (5-35) gives

m Ir

D niO) 6y (t) + z B0 900 ¥
j=1 j=1

ijl(’c) = 0 (5-41)

Interchanging the order of the differential operators and using (5-38)

and (5-39) yields

m r
j= j=

This shows that (5-42) is a necessary condition for Mi(tl,. t,) to be
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singular. It can also be shown that it is sufficient. Suppose (5-30} is
satisfied for any nj(x) and pj(A) having the form of (5-36) ard (5-37)
with arbitrary coefficients T0j4 (not all zero). Substituting (5-38) and
(5-39) into (5-42) and interchanging the order of the differential

operators gives (5-41). Defining

m r
g(t) = Z nj(x) ¢ij1(t) + Z pj()\) q)ijl(t) (5-43)
=1 i=1
equation (5-41) can be written as
w00 al) = 0 (5-44)

Recall that for the error signal given by (5-15) it was assumed that the
initial condition effects in the detection filter had settled out. The n;
roots of ”i(s) = 0 are poles of the detection filter. This means that
the initial condition effects of any solution of (5-44) have the same
settling times as those of the detection filter. If t is large enough so
that the filter has settled out, then the solution of (5-44) will have

settled out also. Since (5-44) is undriven, the settled-out solution is
qt) = 0 (5-45)

which gives (5-35) be definition of g(t). The development from (5-26)
to (56-35) is equally valid in reverse so (5~-35) implies (5-26) which in
turn implies Mi(tl, t2) is singular. This shows that condition (5-42)
is both necessary and sufficient for Mi(tl’ tz) to be singular.

To see clearly what condition (5-42) means, it must be

interpreted in terms of the dynamic behavior of the plant. This
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condition is a differential equation relating the control signal ud(t)

and the sensor output vector y(t). These quantities are of course
already related by Equations (5—1) to (5-3) describing the plant
dynamics. These relationships must be clearly delineated before
(5-42) can be properly interpreted. Consider the plant representation
(5-1) to {5-3) with A and C in the form of (5-4) to (5-10). Partition

the state vector x(t) into m n;-vectors to conform with the partitioning

of A,
Xl(t)
x(t) = (5-46)
x_(t)
with
- -
*p )
Ek(t) = . (5"47)
_ank(t)_
Then
Tt = ank(t) (5-48)
and
m m
X () = A, x () + Z A )_(_j(t) + Z by Ugy®)
j=1 k=1
iFk
m
Akkxk(t) + z akj yj(t) + z bkj udj(t)
j:]_ =
iFk
(5-49)



where

r ki1 |
2 = : (5-50)
| “kiny |
and
agy = 0 ifL>n (5-51)

Equations (5-48) and (5-49) are equivalent to the scalar differential

equation
m r
Z Vi) 5+ z Vi) ugyl) = 0  (5-52)
j=1 =1
where nk
A 7-1 )
ka(x) = -x 4+ 8 M (5-53)
1=1
nkj
_1 ~
= +* 5-
ij(}\) Z akjﬂ b for j # k {5-54)
=1
,[lk
vlq(x) = zg bij a1 (5-55)
2-1

Note that l/kk(s) is the characteristic polynomial of Akk and always has

order n, . The order of vkj(s) (j # k) is less than or equal to |

"nkj - 1)
and ykj(s) has order no larger than (nk - 1). Egquation (5-52) for any
k does not satisfy condition (5-42) because ka(h) has order ny whereas

the operator .nk(x) associated with yk(t) in {5-42) must have order no
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larger than (nk - 1) as can be seen from (5-36). This means that

Mi{tlj t,) for all i will be nonsingular as long as the dynamic behavior

2
of udv{t) and y(t) cannot be described by any equations of lower order
than those given by (5-52) for k=1, ..., m. In other words, the
plant should exhibit the full dynamic properties attributed to it by the
representation (5-1) to (5-3).

It is possible to associate the singularities of Mi(tl, t2)
with several specific situations. A nonminimal model may yield a

singular Mi(tl’ 1 It was noted in Section 4.3.6 that a nonminimal

2)'
repregentation cannot be both controllable and observable. The standard
form model is constructed to be observable, so if it is nonminimal it

must be noncontrollable. When a representation is not minimal it ‘is
possible to reduce the dimension of the state space to obtain a representa-~
tion which is minimal and which has the same dynamic relationship between
input and output. In effect the uncontrollable part of the system is dis-
carded to obtain the minimal representation. The reduced representation
yields a set of differential equations relating y(t) and ud(t) to replace

thoge given by (5-52) for k=1, ..., m. One or more of these

equations will be of lower order than (5-52) for some k since the state
vector has been made smaller. Any such equation will fit the form of
(5-42) suggesting that some Mi(tl’ tz) can be singular if the nonminimal
model is used. This may or may not be the case depending on the initial
conditions. The reason a nonminimal representation can be reduced is
because the uncontrollable portion of the dynamics is never excited by

the input. As far as the relationship between input and output is con-
cerned, this portion of the dynamics can be ignored. However, this

does not mean that the effect of the uncontrollable portion is never seen
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in the output. Because the model is observable, the full effect of the
uncontrollable portion can be evident in the output provided the initial
conditions are such that the uncontrollable modes are excited by
transients. In this case the reduced minimal representation will not
be adequate to explain all the dynamics appearing in the output. The
lower order equations suggested by the reduced representation will not

be valid and Mi(t tz) will not be singular. The lower order equations

1’
are valid only if the initial conditions for the uncontrollable modes are
zero or their effect has settled out by the time ty-

There are two reasons why the model may be non-
minimal. As noted in Section 4. 3». 6, it may be necessary to enlarge the
state space in order to achieve the standard form of (5-4) to {5-10).

If this is done the model will be nonminimal. The method described in
Appendix C for enlarging the state space demonstrates the arbitrary
nature of the added portion of the augmented model. Because of this
an augmented model is not unique, and this nonuniqueness is reflected
in the singularity of certain Mi(tl, tz) (implying the solution of (5-23)

is not unique). Singularities in Mi(t t2) which result from an augmented

1’
model present no theoretical problem because any solution of (5-23) will
yield a plant representation which correctly models the plant behavior.
The multiple solutions of (5-23) simply correspond to the arbitrary
portion of the augmented model, which is not related to any dynamics
in the actual plant.

A second reason for a nonminimal representation is that
the actual plant may be nonminimal. This could be the result of effector
failures, sensor failures, or dynamics changes which have caused the

plant to become unobservable or uncontrollable. In this case a portion
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of the actual plant dynamics may be unidentifiable. An unobservable
plant mey result from sensor failures or changes in dynamics. In this
case Mi(‘tly t2) for some i will be singular. As shown in Chapter 2,
the unobservable portion of the plant dynamics will never appear in the
output. This means that the plant behavior as seen by the detection
filter can be fully explained by a reduced state vector which results
when the unobservable portion of the plant is ignored. This implies

the relationship between input and output satisfies a differential equation
of lower order than those derived from the original state vector, which
ig the same size as the state vector of the model. This means

condition (5-42) is satisfied, and therefore some Mi(t tz) will be

1°
singular.

An uncontrollable plant may result from effector failures
or changes in dynamics. In this case Mi(tl’ tz) may be singular or
nonsingular. The uncontrollable modes of the plant dynamics will be
seen in the output if and only if they are excited by the initial conditions.
If some uncontrollable modes of the plant are not excited by the initial
conditions, then some Mi(tl’ 1:2) will be singular. If the uncontrollable
portion of the plant is fully excited by initial conditions, and the
controllable portion is fully excited either by the inputs or initial
conditions or both, then Mi(tl’ tz) will be nonsingular. Of course,
initial condition transients can identify uncontrollable modes of the
plant only if their settling times are significantly longer than the
settling time of the detection filter. Otherwise the transients will
settle tc zero in the time allowed for the filter to settle out.

Even for a minimal plant and model Mi(tl’ té) may be

singular if there is external low-order coupling between y(t) and ud(t)
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or between components of ud(t). External low-order coupling means
dynamic coupling of the form given by (5-42) caused by effects external
to the plant. The most obvious example of external coupling is a feed-
back loop. If y(t) and ud(t) are related through feedback by a low-order
relation in the form of (5-42), then some Mi(tl’ tz) will be singular.
Coupling between components of ud(t) may also cause a
singular Mi(tl’ 1:2). It can be shown that for a minimal representation
some Mi(tl, 1:2) will be singular only if there exists a set of poly-
nomials {xj(s) , j=1, ..., r} (not all identically zero) each with

order no larger than (n+ h - 1), such that
r -
. u..{t) = 0 5~56
D X500 a0 (5-56)
j=1

where n is the state dimension of the minimal representation and

n = max {nl, eee, n_} (5-57)

Define the matrices of polynomials

—_

vols) - oo vy (s)

N(s) : ) (5-58)

?’11(8). e o ?/1r(s)
I (s)

(5-59)
(s).

_ 'm1l
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Then the equations (5-52) for j=1, ..., m can all be written in one

vector equation
N(p) y@t) + IA) uyt) = 0 (5-60)
Let N(s) be the matrix of cofactors of N(s) having the property
N(s) N(s) = \N(s>l1 = v (s) (5-61)

{ Z/O(s) is the characteristic polynomial of A.) Applying the operator

N() to (5-60) yields

N(x) N(a) y(t) + N(A) T()) uylt)

= v (W yd) + N TO) uylt) = 0
(5-62)
Assume y(t) and ud(t) also satisfy (5-42) for some nj(x) and pJ.()\).

Define the vectors of polynomials

i nl(S)
n(s) = | . (5-63)
i nm(S)
[ bl(S)
p(s) = ' (5-64)
i pr(S)
Then (5-42) can be written
nT(x) y(t) + pT(A) ugt) = 0 . (5-65)
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Applying the operator VO(}\) to this equation and using (5-62) yields

v )0ty + v ) p (A uglt)

nTOU V) y®) + p () Y (W) uy(t)

[T R TO) + pTO0 v ] ug®) = 0
(5-66)
Now Vo(s) has order n because it is the characteristic polynomial of
A which is nX n. By (5-37) the highest order polynomial in p(s) can
have order no larger than n - 1 where n = max {.nl, .e.» n_}. Then
the polynomial elements of pT(s) Vo(s) are of order no larger than
(n+n -1). The matrix N(s) I'(s) has no polynomial element with order
larger than (n - 1). This can be shown from (5-62). Taking the Laplace
transform of both (5-62) and (5-1) to (5-3) and equating the transfer

functions from 'Z{ud(t)} to Z{y(t)} yields

clis-a7'n - N1 lG)
0O

(5-67)
The elements of C[Is - A ]~1 B are rational polynomials each with a
larger order denominator than numerator. The same must be true of
N(s) T'(s) /vo(s). Hence, no polynomial element of N(s) I' (s) can have
order greater than (n - 1), since V¥ _(s) has order n. From (5-36) it is
clear that (o - 1) is the highest order polynomial allowable in n(s). The
complete differential operator [-nT(x) NGO TQO) + pT(x) Voo“H has
order no larger than (n + n - 1), and therefore (5-66) has the form of

(5-56) where
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[vis), coes x(8)] = xT(s) = = nl(s) N(s) T(s) + p (s) ¥ (s)
1 r o)

(5-68)
T = T .
The case where [ - n (8) N(s) I'(s) + p ~(s) Uo(s)] is
identically zero corresponds to a nonminimal representation. If

i

L - nT(s) N(s) T'(s) + pT(s) Vo(s)] = 0 for all complex values of s, then

-0 ) R T + pT() (W] ugle) = 0
(5-69)
for any ud(t). From (5-62) this implies
v [Ty + pT00 ag® ] = 0 (5-70)

for any ud(t). This means that, ignoring initial condition transients,
(5-65) is a valid relationship between y(t) and ud(t), for any ujﬁ;l,
which in turn implies that a reduction is possible in the order of
Eguations (5-52).

The above development shows that if (5-42) is satisfied
for some nj(x) and pj(}\) then (5-56) is satisfied for the xj(x) given
by (5-68). Since (5-42) is a necessary and sufficient condition for
Mi(’tlg ‘tg) to be singular, one may. conclude that (5-56) is a necessary
condition for some Mi(tl, t2) to be singular if the model is minimal.
It is not a sufficient condition in general. The negation of (5-56) is a
sufficient condition for all Mi(tl’ ty) to be nonsingular. That is, if
(5-56) is not satisfied for any xj(l) (not all zero) with order less than
or equalto (n+ n - 1), then all Mi(tl’ tz) for i=1, ..., m will be

nonsingular, provided the model is minimal.
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In the case of a scalar-input plant (r = 1), these remarks
can be made more tangible if the result is interpreted in the case where
the input ud(t) is assumed to be a periodic signal made up of a number

of discrete frequency components. For r = 1, (5-56) reduces to
x(A) uylt) = 0 (5-71)

where ud(t) is a scalar and x(s) is a polynomial of order no larger
than (n+n - 1). If ud(t) is a periodic signal with discrete frequency
components, (5-71) will be satisfied for some Xx()\) only if the number
of distinct frequency components in ud(t) is less than or equal to
(n+n - 1)/2. Therefore, a sufficient condition for all M,(t,, t,) to
be nonsingular (and the minimal representation to be completely
identifiable) is that ud(t) have at least (n + H)/Z different frequency
components. For a scalar-output plant n = n, so one may conclude that
the minimal representation of a scalar-input, scalar-output plant can
be completely identified if the periodic input has at least n distinct
frequency components. This agrees with a similar statement made
by Young [27] .

The results of this section have been derived for the

general case where all a;., in A given by (5-4) to (5-7) and all bijﬁ

il
in B given by (5-11) and (5-12) are subject to change. If in a particular
situation-only a limited number of 2. and bij!l are subject to change,
then it is necessary to identify only those particular elements. In that
case 7, in (5-20) should include only those elements subject to change,

and Si(t) should be shortened accordingly. Conditions for identifiability

of a limited number of elements can be derived in the same way as
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shown here for the general case. For a limited number of changeable

elements sufficient conditions for identifiability should be less restrictive.

. 2.2 On~Line Identification Methods

[& 1]

The previous section demonstrated how the plant
dynamics can be determined after observing the detection filter error
signal over a finite period of time. The method used in that analytical
development involved generating the vector sei and the matrix Mi(tl’ ty)
for a given time interval [tl, tz] , then solving (5-23) for the difference
between plant parameters and model parameters. This may be a
feasible method for determining changes in plant dynamics on-line,
provided there is sufficient time and computing capacity to solve the
equation (5-23). The actual dimension of the vector equation (5-25)
depends on the number of changeable parameters in A and B, since, as
noted in the previous section, only changeable parameters need to be
considered in the identification process. Determining the plant parameters
by analytical solution of (5-23) would be most effective in situations where
the number of changeable parameters is small and the changes are
expected to occur in sudden jumps (as might be expected in the event of
a failure).

In situations where the number of changeable parameters
is large, and the changes are nearly continuous and slowly time-varying,
a more suitable method for on-line identification is a reference model
approach. There are several reference model identification methods
which have received considerable attention in the literature. The
detection filter can also be used in a reference model approach. In

the remainder of this section certain properties of the detection filter
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method will be compared to the properties of some other reference
model techniques.

The basic philosophy of reference model identification
Is to adjust certain parameters in the model to null or minimize some
measure of the error between plant and model. Two basic distinguishing
features of a reference model identification scheme are the error signal
and the parameter adjustment process. The goal of the parameter
adjustment process is simply to null or minimize some measure of the
error signal. Many algorithms for parameter optimization can be used
to obtain a parameter adjustment law which attempts to minimize the
error measure. Gradient or ”steépest descent'' methods are the most
common example [ 12,14,25] . Such gradient adjustment laws may be
discrete [ 12] or continuous [ 12,14] . In some cases a recursive
solution of a linear least squares problem may be used to update
parameter estimates at discrete points in time [ 27] . Another method
for determining a parameter adjustment law is based on Liapunov
functions [17] . Most of these techniques can also be used with the
detection filter error signal. There is a substantial body of literature
on the theory and use of such methods of parameter adjustment and
their application to reference model identification, so they will not be
analyzed further here. It will be instructive, however, to compare
some important properties of the error sighal from a detection filter
with those produced by other reference model methods.

Mos t reference model identification schemes are variants
on one of two basic methods. The first method is often referred to as
the response error method [ 14] , or sometimes the "closed" method

by Russian authors [ 16] . The basic philosophy of this method is to
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apply to the model the same observed input that is acting on the plant,
and to observe the difference between the plant output vector (as
measured by the sensors) and the model output vector. This output or
response error vector is taken as the error between plant and model.
The second basic method is usually referred to as the équation error
method [ 14, 27] , or the "open' method [ 16] . The basic philosophy of
this method is to substitute the observed input and output vectors of the
plant into an equation describing the estimated plant behavior (the
equation is the model in this case). If the equation accurately describes
the plant behavior (and there are no unobservable disturbances), then
the observed input and output vectors should satisfy the equation. If
they do not, the discrepancy is taken as the error between plant and
model. The model equation is chosen so that the error signal is an
algebraic function of the parameters. This means that the error signal
at any instant in time depends on the parameter values only at that same
instant. This is not the case for the response error. In general the
response error depends on past values of the parameters as well. This
is an important distinction between these two basic methods.

An important variant on the equation error method is the
generalized equation error method [14,27] . One of the difficulties of
the equation error method is that substitution of the observed input and
output vectors into the model equation often involves performing
operations (e.g., pure time derivatives) which are undesirable with
regard to noise suppression. This problem is avoided by the generalized
equation error method. The equation describing the plant is replaced

by a generalized equation which involves no pure time derivatives of the

262



input and output vectors. Satisfaction of the generalized equation implies
satisfaction of the original model equation.

The use of a detection filter for plant identification is a
variant on the response error method. The error signal produced by a
detection filter is a kind of response error — the observed difference
between the plant and model outputs when the same observed input is
applied to both plant and model. The distinction between the detection
filter method and the response error method is that the error signal
from the detection filter is fed back into the model. This interpretation

can be seen from the state equation for the detection filter

z(t)

(A - DC) z(t) + Dy(t) + Buy(t)

Az(t) + Bud(t) + D(y(t) - Cz(t))

Az(t) + Bud(t) + De'(t) (5-72)
where

€'ty = yt) - Czt) (5-73)

is the observed or accessible error signal. Equation (5-72) represents
a model of the plant with the error feedback term De'(t), as illustrated
in Figure 5-1. If the detector gain D is made zero, then the error
feedback would be eliminated and the result would be a true response
error configuration. The effects of the error feedback on the identifi-
cation process will become apparent as the detection filter method is
compared with the other methods.

One advantage of the equation error method and its
variants is a result of the fact that the error signal is an algebraic func-

tion of the parameters. Because of this fact, the effect of parameter
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Figure 5-1.
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changes is reflected immediately in the error signal. This means

that parameter adjustments can be made rapidly without destroying

the validity of the error signal. On the other hand, the response error
signal does not, in general, reflect accurately the effect of parameter
changes instantaneously. If parameter changes in the model are made
too rapidly without waiting for the effect to appear in the resporse
error, the meaning of the response error becomes doubtful and
stability problems may arise [12,17] .

The parameter adjustment law often involves partial
derivatives of the error signal with respect to the parameters. In this
case the above remarks can be made more specific. For the equation
error signal the partial derivatives with respect to the parameters are
true instantaneous partial derivatives (i.e., holding time constant).

For the response error method such an interpretation is not appropriate
because the error signal depends on past values of the parameters.

The partial derivative of the response error with respect to a parameter
is usually interpreted as a sensitivity function [ 12,13, 22] . It is the
relative change in the error trajectory over some finite time interval
which would result if the parameter were subjected to an infinitesimal

time- invariant change over that same time interval. This means that

the parameters should be time-~invariant during the time interval in
which the partial derivatives (sensitivity functions) are being generated.
This condition will be satisfied if the parameter adjustments are made
at discrete points in time and the partial derivatives are generated in
the intervening intervals. If the parameter adjustments are made
continuously, they should be made slowly enough so that the parameters

appear to be approximately time invariant compared to the response
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time of the model (which is comparable to the response time of the
plant). The equation error method and its variants have no such
theoretical limitation on speed of parameter adjustment.

As a variant on the response error method, the detection
filter method alsc has a limitation on the speed of parameter adjustment.
Specifically, the parameters should be adjusted slowly enough so that
they appear approximately time invariant compared to the response time
of the detdction filter. This limitation is much less restrictive than for
the response error method. For the response error method the response
time of the model is approximately the same as that of the plant (assuming
the identification process is successful) and is determined by the eigen-
values of the matrix A in the plant representation (5-1). But the response
tirmme of the detection filter is determined by the eigenvalues of G = (A - DC)
which, as shown in Chapter 4, can be arbitrarily specified if the model is
observable. This means that the response time of the detection filter can
be made arbitrarily fast consistent with other practical considerations
such as gain magnitudes and noise suppression. Therefore, the speed of
parameter adjustment is not limited by the response time of the plant as
in the case of the response error method.

These remarks can be made more specific by referring to
Eguation (5-22) with s and Si(t) defined by Equations (5-16) to (5-21).
Recall the vector T represents the difference between model parame’cers
and plant parameters. A similar equation obtains for the equation error
method. (Equation (5-22) represents just one component of the vector
error signal. Since all the references mentioned in this section deal
only with identification of a scalar-input, scalar-output system, the
remarks which follow will be specifically directed to that case. Then
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the error signal is a scalar as in (5-22). The remarks, however,
generalize to the case of a multiple~input, multiple~output system.)
For the equation error method, the equation corresponding to (5-22) is
valid even if 7, is time varying. Recall for the detection filter method
T, was assumed time-invariant in obtaining (5-22). In a practical
sense, then, the parameter adjustments should be made slowly enough
so that (5-22) is a valid approximation for the observed error signal.
Then the detection filter error signal will have approximately the same
interpretation as in the case of the equation error method.

Although the equation error method has no theoretical
limitation on the speed of parameter adjustment, it has been shown
experimentally that increasing the speed of parameter adjust—ment
beyond a certain level does not necessarily increase (and may decrease)
the speed of convergence of the identification process [14] . It was
noted above that the error signal for the equation error method can be
expressed in a form similar to (5-22). Ideally the parameter adjust-
ment process is intended to converge to the point ™= 0 which, in the
absence of sensor noise and plant disturbances, will null the error signal.
However, at any time 1, any vector T which is orthogonal to § ,.L{t) will
yield an error signal which is instantaneously zero. The set of all such
7, orthogonal to Si(t) at time t form a hyperplane of dimension (nﬂ - 1)
where o is the dimension of e The hyperplane moves with time
(but always contains the origin, ™= 0) since Si(t) is a time-varying
vector. Now if the parameter adjustments are made rapidly enough,
the vector L8 could follow approximately the movement of the time-
varying hyperplane. This means that T could remain near the moving

hyperplane, thus producing an approximately nulled error signal without
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being clcse to the desired convergence point T 0. Such behavior
would retard the convergence of the identification process. It is only
when T is unable to keep up with the motion of the hyperplane that it is
forced tc converge toward the origin as desired. Lion[14] has demon-
strated that the speed of convergence can be substantially increased with
the use of multiple generalized equations. Each generalized equation
produces an error signal expressible in the form of (5-22). By intro-
ducing n_ independent generalized equations (where n_ is the dimension
of ;rrg..}; n_ independent error equations in the form of (5-22) are obtained.
In theory, this implies T, can be solved for instantaneously (nﬁ equa-
tions, n_ unknowns). In practice, it means that T is forced to converge
toward the origin regardless of how fast parameter adjustments are
made, because there is no nonzero T which can null all n_ error signals
simultaneously. Of course, this improved convergence is purchased at
the expense of substantially increased complexity. Each independent
generalized equation requires the equivalent of a plant model.

Assuming parameter adjustments are made slowly enough
so that (5-22) is valid, the above remarks can be applied to the detection
filter method also. Multiple detection filters, each with different
dynamics, can be used to achieve the same effect that Lion has obtained
with the use of multiple generalized equations. A similar increase in
complexity is the price of the improved convergence. The speed of
par‘ameter adjustment is still limited by the response time of the
detection filters.

It has been noted in the literature that for the equation
error method, disturbances in the observed plant output vector (i.e.,
sensor noise) will produce an asymptotic bias in the estimate of the
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plant parameters [ 16,27] . The magnitude of the bias depends on the
signal-to-noise ratio [ 27] . In the true response error method the
estimate of the plant parameters is not biased if, as is often the case,
the output of the model and the sensor noise are uncorrelated. In the
case of a detection filter, the output error signal is fed back irto the
model through the detector gain. Hence, the output of the model will be
correlated with the sensor noise, producing a bias in the parameter
estimates. However, in this case the size of the bias depends on the
detector gain as well as the signal-to-noise ratio. To see this, note
that if the detector gain is reduced to zero the bias is reduced to zero,
because the detection filter becomes simply a response error model.

Norkin [ 16] has suggested that the equation error method
with its faster parameter adjustment potential would be more desirable
for initial gross parameter estimat es, and the slower but unbiased
response error method would be more suitable for final fine tuning.
This philosophy would be relatively easy to implement with a detection
filter. Adjustment of the detector gain can produce a smooth transition
from a fast detection filter with properties similar to the equation error
method (i.e., fast parameter adjustment, biased by noise) to the
response error method (with detector gain zero).

The purpose of this section has been to compare the
potential of the detection filter method of identifying plant dynamics to
other related methods. Various techniques for adjusting the model
parameters were mentioned briefly. They have not been discussed in
detail here because extensive literature already exists in this area.
Representative parameter adjustment schemes may be found in [ 12, 14,

17,22,25,27] as previously noted.

269




5.3 Identification of Effector and Sensor Failures by Correlation

This section discusses the problem of identifying the occurrence
of effector or sensor failures in the presence of other disturbing
influences. Consider a detection filter designed to detect the failure
of any one of a set of r effectors associated with the vectors {bl, caes br}.
Failure of the ith effector of this set will produce a fixed-direction error
signal from the detection filter as given by (4-397). If no other disturb-
ances are acting on the plant or sensors, this error signal is easily
identified with the failure of the ith effector. As noted in Section 5.1,
the fixed-direction error signal may be obscured by other disturbances
such as sensor or plant noise, uncertainties in plant dynamics, and
failures the filter is not designed to detect. These extraneous errérs
in general will not have a fixed direction in the output space. If the
fixed-direction error signal makes up a significant portion of the total
error, one would expect the error vector to be biased toward that
direction. One way of identifying such a directional bias is to form a

correlation matrix

t2
1 T
Rit,, t,) = ———— el(t) e'(t)” dt (5-73)
17 72 t, -t .
2 1 ¥
1
over some time interval [tl, t2] . R(tl, tz) is an m X m positive semi-

definite matrix. It is helpful to associate this matrix with an ellipsoid

in m~dimensional Euclidean space. The ellipsoid is defined as the set of

all m-vectors y such that yTn < 1 for any m-vector n satisfying

nT Rn = 1. This defines an ellipsoid centered at the origin and having
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principal axes along the eigenvector directions of R(tl, t2) with length

equal to twice the corresponding eigenvalues. If Rt tz) is singular,

1°
the ellipsoid will be degenerate, i.e., one or more principal axes will
have zero length. When €'(t) maintains an exact fixed direction over
[tl, tz] , the ellipsoid consists of a single straight line. If other
disturbances are present, the additional error signals will fill out the
ellipsoid by producing nonzero principal axes in other directions.
Because the fixed-direction error signal has all its power concentrated
in a single vector direction the ellipsoid will tend to be cigar-shaped
with a dominant principal axis in that direction. A scheme for identi-
fying effector failures in the presence of other disturbances is to look
for a dominant axis ellipsoid with the major axis near a direction
associated with an effector failure (i.e., the direction of €'{t) in
(4-397) ). Since the failure directions are known, it is not necessary
to analyze completely the shape of the error correlation ellipsoid. It
is sufficient to simply check for a dominant axis in one of the known
directions. If the failure directions are linearly independent, one way
of doing this is to transform the error signal to a coordinate frame
where the effector failure directions are along orthogonal coordinate
axes. Then a particular effector failure would be indicated by a single
large diagonal element in R(tl, t2) relative to all the other elernents.

The correlation matrix can be used in a similar way to identify
sensor failures. The error response to a sensor failure is restricted
to a two-dimensional plane. In this case one would expect an error

ellipsoid having two dominant axes, i.e., having the shape of a pancake.
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CHAPTER 6

FEEDBACK RESTRUCTURING

6.1 General Discussion

After an event as described in Section 3.2 is detected and identi-
fied, the next problem is to restructure the system to compensate for it.
For the system configuration shown in Figure 3-1, the restructuring
takes place in the feedback loop. The plant, which includes effectors,
sensors, and plant dynamics, is assumed to be inaccessible for
restructuring. This means that effectors and sensors are considered
nonrepairable. When the decision is made that an effector or sensor
hag failed, two courses of action are possible. One is to continue to
use the failed component with some appropriate compensation for its
irregular behavior. The second possibility is to remove the component
from further use and restructure the feedback loop to function without
it. The first course of action in general requires more precise
information or some a priori assumptions about the nature of the
failure in order to determine the appropriate compensation. In the
latter course of action knowledge of the exact nature of the failure is
not necessary. It is only necessary to identify the failed component.
This chapter will be concerned with the second "surgical'' restructuring
method. Failed effectors and sensors are removed from service and |
restructuring compensates for the reduction in active components.
Some attention has been given to the nonsurgical method. Chien [5]

has used this approach in dealing with failures in redundant gyro arrays.
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When a malfunctioning gyro has been detected (by a sophisticated
method of comparison of redundant information), it is removed from
service temporarily while the malfunction is investigated further to
determine if it is possible to compensate for it (e.g., a biased sensor
output can be compensated for if the bias can be determined). If
compensation is possible, the gyro is returned to service after the
appropriate compensation has been implemented.

The feedback loop consists of two basic functional parts — the
state-estimating filter and the state feedback law generator. If these
two parts are designed independently of each other (Section 3.2 describes
the separation philosophy),the restructuring problem for each part may
also be considered independently. This leads to some simplification
because some events may require restructuring of only one part of the
feedback loop. Another part of a self-reorganizing system which may
require restructuring is the detection filters. It is of interest to note
the types of restructuring required by each type of event.

1) An effector failure requires restructuring of the feedback
law only.

2) A sensor failure requires restructuring of both the detection
and state-estimating filters. It may or may not require changes in the
feedback law depending on the changes made in the plant model. The
only necéssary change in the plant model is to delete from the C matrix
the row corresponding to the failed sensor. In this case only the
detection and state-estimating filters need be restructured for the re-
duced number of sensor outputs. If the plant model is to be kept in the

standard form of Section 4. 3.6, a coordinate transformation of the
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state space will be necessary in addition to deletion of the appropriate
row of the C matrix. In this case the same transformation must be
applied to the feedback law.

3) Changes in plant dynamics may, in general, require
restructuring of the detection filters, state-estimating filter, and the
feedback law. The detection filter which identifies the plant dynamics
ig automatically adjusted in the process of identification, so it does
not require any further restructuring. The extent of restructuring
necessary in the other detection filters (for effector and sensor failures)
and the state-estimating filter depends on where the changes in plant
dynamics appear. For purposes of the following discussion, detection
filters for sensor failures and detection filters for effector failurés are
referred to separately because they have different restructuring
reguirements. In fact, one filter may detect both sensor and effector
failures, in which case the restructuring requirements include both
those necessary for sensor failure detection and those for effector

failure detection. Changes in the B matrix of the plant state equation
x(t) = Ax(t) + Bu(t) (6-1)

require simple adjustments in the'state—estimating filter and detection
filters for sensor failures. For these filters it is only necessary to

adjust the filter state equation
z(t) = (A - DC)z({t) + Dy(t) + Bu,(t) (6-2)

by replacing the old B matrix with the new one. Detection filters for

effector failures may require more extensive restructuring because
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detection orders, detection generators, and the mutual detectabdility of
the columns of the new B matrix may be different. When the change in
plant dynamics occurs in the A matrix, the restructuring will be
simplest if A and C are in the standard form suggested in previous
chapters (e.g., Equations (5-4) to (5-10) ). In this case the changed

matrix (A + AA) can be expressed as

T

A+ AA = A+ AAC™C (6-3)

because the changes in A occur only in the last column of each block

of A in (5-4). Note from (6-3) that (A + AA) has the form (A - D"C)
with D" = -AACT. As noted in Chapter 4, detection filter properties
(detection orders, detection generators, mutual detectability, etc.)
are invariant with respect to replacement of A by (A - D'C) for any D''.
Furthermore, if the event vectors (e.g., the columns of B for =ffector
failure detection) are unchanged, it is necessary to make only a simple
adjustment in the detector gain D to keep G = (A - DC) unchanged.

Specifically, the adjustment AD in D is taken to be

T

AD = AAC (6-4)

Then

(A+AA) - (D+ AD)C (A+ AACTC) - D+ aacThC

= A-DC = G
(6-5)
With this adjustment in the detector gain, G remains unchanged and the
detection filter detects the same event vectors that it did before the

change in A. Therefore, if the columns of B do not change, the adjust-
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ment given by (6-4) is all that is necessary for the effector failure
detection filters. Detection filters designed to detect sensor failures
may require more extensive restructuring. Recall that in order to
detect a failure in the ith sensor, a filter must detect /di, the ith
column of the detector gain matrix D. If this column is changed by

the adjustment AD given by (6-4), then the filter may no longer detect
the ém column of the new detector gain matrix. In this case the filter
must be partially redesigned so that the filter does detect the new di'
If the state-estimating filter has the same Kalman-type configuration
as a detection filter (Figure 5.1), then the simplest and fastest way to
compensate for changes in A is to adjust the feedback gain D by the
amount given in (6-4). This adjustment will keep the poles of the filter
unchanged and thus guarantee stability, at least. Of course, this may
not be the best filter for noise suppression. If the adjustment given by
(6-4) increases the feedback gains, then the effect of sensor noise on
the state estimate will be increased. If the original filter was statis-
tically optimum (Kalman filter), the adjusted filter will not be optimum
in general. If a new Kalman filter is desired, then a Riccati equation
must be solved in whole or in part to obtain the new feedback gains.
Rut whatever kind of restructuring is used in the state~estimating
filter, the adjustment in the feedback gain matrix given by (6-4) is a
quick, simple way to ensure filter stability. It can at least be used as
a temporary measure until more sophisticated restructuring can be
implemented where necessary.

BEeyond the simple adjustments discussed above, the redesign

or restructuring of detection filters is a matter of impleme'nting the
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theory in Chapter 4 with the algorithms presented in Appendices A, B,
and C. It has been noted previously that a detection filter can also
serve as a state-estimating filter. (In Chapter 4 it was shown that the
state of a detection filter approaches the state of the plant asymptot-
ically in the absence of disturbances.) If the state estimate for feed-
back control is taken from one or more detection filters, then the
problem of restructuring a state-estimating filter is taken care of
automatically in the restructuring of the detection filter. Even if a
separate state-estimating filter is used, detection filter theory can be
applied to the restructuring of a state-estimating filter in order to
specify its pole locations. As noted above, if a true Kalman filter is
desired, it will be necessary to resolve a Ri.ccati equation. If this is
attempted, detection filter design algorithms can be used for inter-
mediate restructuring (pole assignment) to serve until a new optimal
solution is obtained. For these reasons restructuring of a state-
estimating filter will not be considered separately.

The remainder of this chapter will be devoted to restructuring
of feedback control law for the primary purpose of maintaining stability
of the closed loop system. For reasons stated in the next section, the
feedback control to be considered is a linear time-invariant state

feedback law of the form
A o
ud(t) = Lx(t) + LC clt) (6-6)

where I, and Lc are time-invariant matrices of dimension r X n and
rXr, respectively. Section 6.2 discusses the linear state feedback

control problem and shows how the detection filter theory in Chapter 4
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can be applied in dual form to produce some interesting designs for
linear state feedback control. Section 6.3 discusses several algorithms
for generating a linear state feedback control law. Two of these

algorithms implement the feedback designs in Section 6.2.

6.2 Detection Results Applied to State Feedback Control

When a change or failure occurs in a system, the primary
immediate concern is usually to achieve stability as quickly as possible.
The central focus of the remainder of this chapter will be the restructur-
ing of the feedback law to achieve closed-loop stability for the system
gshown in Figure 3-1. The linear time-invariant state feedback law
given by {6-6) is particularly suited for this purpose. It is one of the
more widely used feedback laws. The optimal solution to the infinite
interval regulator problem is such a feedback law (without the command
input c(t) ). In addition, this law yields a linear time-invariant closed-
loop system whose stability properties are well defined and can be
determined analytically. Ewven if the original and final restructured
feedback laws are not of the form of (6-6), the linear constant form
can still serve as a temporary law to maintain stability while a more
sophisticated law is derived. Therefore, (6-6) is a reasonable starting
point for the development of restructuring methods.

It will be assumed that the detection filters have identified the
plant dynamics, and any failed effectors or sensors have been detected
and removed from service. The information at hand is an up-to-date

description of the plant

x(t) = Ax(t) + Bu(t) (6-7)
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u(t)

uy(®) (6-8)

y(t) Cx(t) (6-9)

The restructuring problem to be considered here is to develop methods

for selecting the L matrix in (6-6) so that the closed-loop system
x(t) = Ax(t) + BLX(t) + BL_ c(t) (6-10)

is at least stable (if that is possible).

If the state-estimating filter dynamics are given by
&t) = (A - DC) R + Bug(t) + Dy(t) | (6-11)
then the state error
e(t) = x(t) - R(t) (6-12)
obeys the equation
€(t) = (A - DC)e(t) (6-13)
Then (6-6) can be written as
uy(t) = Lx(t) - Lelt) + L_cft) (6-14)
and the complete closed-loop system dynamics are given by
() (A + BL) -BL x(t) BL

€(t) 0 (A - DC) e(t) 0

(6-15)
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The poles of the complete closed-loop system are given by the eigen-
values of the matrices (A + BL) and (A - DC). The eigenvalues of

{A - DC) are the poles of the state-estimating filter. Restructuring

of the state-estimating filter was discussed in the previous section.
Assuming this restructuring is successful, the eigenvalues of (A - DC)
are known to be stable, so the stability of the closed-loop system
depends on the eigenvalues of (A + BL). Furthermore, in the absence
of disturbances the state error satisfying (6-13) will settle to zero,

and the closed-loop system dynamics reduce to
x(t) = (A+BL)x(t) + BL_c(t) (6-16)

The restructuring problem may now be simplified to the problem of
choosing L so that the system given by (6-16) is stable. Note that L,
does not affect the stability of the closed-loop system, so it is of
secondary concern in the restructuring problem. Of course, LC does
not affect the dynamic response of the system to the command c(t).
One way of selecting LC is discussed in Section 6.2.1.

The problem of selecting L to control the dynamics of (6-16)
is related by duality to certain aspects of detection filter design. The
problem of choosing L to obtain stable eigenvalues for (A + BL) is the
dual to the problem of choosing LT to obtain stable eigenvalues for
(A + BL)T = (AT + LTBT). Selecting LT to specify eigenvalues of
{AT TRT

+ 1 ) is one of the considerations in detection filter design. In

the notation of Chapter 4, AT, BT, and LT correspond to A, C, and -D.
Since (A + BL) and (A + BL)T have identical eigenvalues, some results

of Chapter 4 are immediately applicable to the feedback restructuring
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problem. From Lemma 4.4 it can be concluded that by choice of L
it is possible to specify arbitrarily exactly « eigenvalues of (A + BL)

where
x = rk[B, AB, ..., A" 1 B] (6-17)

If «<n (A is n X n), the remaining (n - x) eigenvalues of (A + BL) are
always equal to corresponding eigenvalues of A and are not influenced
by any choice of .. The methods developed in Chapter 4 for finding a
detector gain can be applied in their dual form to the problem of
selecting L to specify eigenvalues of (A + BL). The design of detection
filters involves more than just stability and specification of eigenvalues.
The special properties of detection filters and the concept of sensor
decoupling in Chapter 4 have interesting dual interpretations in the
context of linear feedback control. For the reader's information these
interpretations are discussed in Sections 6.2.1 and 6.2.2. It should

be repeated, however, that the first objective in feedback restructuring
is to generate as quickly as possible a feedback matrix L which ensures
stability of the closed-loop system. Hence, the subject of primary
concern is the computation involved in the algorithms for generating L.
As will be seen in Section 6.3, algorithms based on detection filter
theory usually require more computation than algorithms which are

concerned solely with ensuring stable closed-loop poles.

6.2.1 Construction of Scalar-Input, Scalar-Output Subsystems

by State Feedback

In dual form the basic results for detection filter design
in Section 4. 3.1 show how it is possible through state feedback to
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obtain scalar-input control over a scalar output of the plant. It is

sasiest to explain scalar-input control in terms of Laplace transforms.

Let
v = bl x() (6-18)

be the scalar output of interest, where h is a time-invariant n-vector.
The simplified closed-loop system dynamics given by (6-16) may

rewritten as

x(t) = (A + BL) x(t) + Bug,(t) (6-19)
where

udc(t) = Lcc(t) (6-20)

ig that portion of the desired control signal which is due to the command
signal c(t). Then the transfer from control signal to output in Laplace

transforms is

1

vp(e) = hllis - (a+BL)] ! BUy(s) (6-21)

wheres
Vyls) = I{vh(t)} (6-22)
Uyols) = Z{udc(t)} (6-23)

The right side of (6-21) can be expanded to yield

r
Vh(s) = z Fi(s) Udc.(s) (6-24)

i
i=1
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. .th
where Udci(s) is the i~ component of Udc(s) and
_ .7 -1
F.(s) = h [Is - (A + BL)] b, (6-25)

with bi the ith column of B. Fi(s) is a scalar rational function of s
representing the closed-loop transfer from the ith component of the

control vector to the output. In general, the Fi(s) are different and
the complete control vector must be known in order to determine the

output. Suppose, however, the Fi(s) differ by only a constant, e.g..

F.(s) = F(s) n; Ugeils)
= F(s) nT Uy (s) - (8-27)
where
n
no= | . (6-28)
771"

In this case the output vh(t) does not depend on the full control vector
udc(t), but only on the linear scalar function nT udc(t). This situation
will be referred to as scalar control of vh(t).

Comparison of (6-24) and (6-27) makes it clear that
scalar control yields a simpler input-output transfer function. In
effect a multiple-input, scalar-output relationship is reduced to a
scalar-input, scalar-output relationship. Furthermore, the fact that
vh(t) depends only on a scalar, linear combination of the components

of udc(t) implies that there is freedom left in udc(t) to perform
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additional control actions without disturbing vh(t). For example,
suppose LC is selected so that all its columns except the first are
orthogonal to n. Let n and the first column of LC have an inner

product of one. Then

nt L = [1,0, ..., 0] (6-29)

and

nTu @ = nTLe = [L0, ..., 00ct) = o)

(6-30)
where Cl(t) is the first component of c(t). This result shows that vh(t)
responds only to the first component of c(t). It is not influenced by
any other component of the command signal. Since n and the columns
of L  are r-vectors, L, can have as many as (r - 1) independent
columns which are orthogonal to n. Suppose c(t) is an r-vector (rc =r)
and LC is chosen to satisfy (6-30) with all columns of L, independent
{_LC is r X r). Then the command components {cz(t), e cr(t)} can
produce (r - 1) independent control actions, none of which affect the
output vh(t).

The scalar control property is the dual to the fixed-
direction error property of a detection filter. The results of Chapter 4
show that for any controllable output of the form of (6-18) (i.e., for any
h not lying in the uncontrollable space of B) it is always possible to find
an L which achieves scalar control. The dual of Theorem 4.1 shows
that in addition to obtaining scalar control, all the eigenvalues of
(A + BL) can be almost arbitrarily specified if (A, B) is a controllable

pair. If (A, B) is not controllable then «x eigenvalues can be specified
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where « is given by (6-17). This follows from remark 4) in Section
4,3.1. In other words scalar control can be achieved while still
maintaining control over the maximum number of eigenvalues of
(A + BL). This result is most easily verified by considering the

transpose of the transfer function in (6-21)

[hT[ Is - (A + BL)] _lB]T = BI[1s - (aT + LTBT)] "I
(6-31)

T T

Let AT, BT, LT

, and h correspondto A, C, -D, and f of Section 4.3.1.
Let v be the detection order of h with respect to (AT, BT) and let g
be its maximal generator. If L satisfies the equation

. ) ] ‘
-LTBIATY Mg = pe L+ p [ATT T e (AT

-1
{(6~32)
T
and B h # 0, then
BT 1s - AT+ LT8T) " In = BTur(s) (6-33)
with
SV—1+av_1 Py oy
F(s) = —; ) (6-34)
s + pys + ...+ p1

where the o, are determined by the relation

[AT]V—2g+ [AT]V~1 o

h=a1g+...+a g

v-1
(6-35)
and the p; are arbitrary. Transposing (6-33), it is clear that for L

satisfying (6-32), (6-21) reduces to the form of (6-27) with
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n = h™B (6-36)
In general if
BT[AT]d n = o i=l e, p-1
(6-37)
BT[AT]* nh # o
then
T.,v-u-2 Ty v-u-1
h o= ag + ...+ av-u—l[A PR g+ [AT]VTHTY g
(6-38)
sVH Ly o 1 sVH2 4 4 @,
F(s) = 4 U_l
s +ps’ +...+p
(6-39)
hil1s - (A+BL)] 'B = nhTa#B F(s) (6-40)
and
nT = nTaMp (6-41)

If (6-37) is not satisfied for any u, then h lies in the uncontrollable
space of B, and vh(t) is not controllable regardless of L.

The results of Sections 4.3.2, 4.3.3, and 4.3.4 are
applicable to feedback design for control of multiple outputs. Consider

an f ~dimensional output vector

VH(t) = Hx(t) (6-42)

where H is an £ X n time-invariant matrix

286



H o= | . (6-43)

If £ < r and the set of vectors {hl’ cens hﬂ} are output separable with
respect to (AT, BT) (Definition 4.9), it is possible to find a feedback

gain L which produces a closed loop transfer of the form

Fu(s.) ... .. .0
0 B .
_ . H
VH(S) - . A N . ) . H BUdC(S>
_.O e e e e . . . 0 'F“(sl
(6-44)
where
_ o
nt AL
1
H‘ = . 46'45>
T M
| by A

with the My defined by condition (6-37) for each hi' The Fii(s) are
scalar rational functions of S of the form of (6-39). If the hi are
mutually detectable with respect to (AT, BT) k eigenvalues of (A + BL)
can be specified almost arbitrarily. If the hi are not mutually detect-
able, control over certain eigenvalues will be lost iv.n achieving (6-44).
Such uncontrolled eigenvalues can be identified as described in

Section 4.3.4.

Now let c¢{t) be an £ -vector and choose LC to be a
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solution of
H'BLC = 1 (6-46)

This equation always has a solution for Lc because the hi are output

separable, which implies rk [H’T B] =1. One solution is

L, = sTu' T g sTa Tt (6-47)

The inverse exists because rk[H'B] = £. With this L. and the

Laplace transform of (6-20), (6-44) becomes

FH(%:). e« « e« . 0 O
0 - .
Vgle) = | T : c(s)
! 0. .. ... .0 . FM(S)_
(6-48)
where
C(s) = ZA{c)} (6-49)
Or in component form
VHi(S) = Fﬁ(s) Ci(s) (6-50)

This means that each component of VH(t) is controlled exclusively by
the corresponding component of c(t). A multiple-input, multiple-output
system has thus been reduced to a set of scalar-input, scalar-output

subgystems.
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6.2.2 Effector Decoupling

The concept of output decoupling introduced in Section
4.3.6 has a dual interpretation which leads to the idea of effector
decoupling. The results on output decoupling are presented in this
section in their dual form and interpreted in the context of linear state
feedback control. The main reason for discussing this material is to
call the reader's attention to the interesting dual interpretations of
previous results. A second reason is that the algorithm for generating
effector decoupling feedback control is somewhat simpler and more
generally applicable than the algqrithm necessary to implement the
scalar-input, scalar-output control described in Section 6.2.1, as will
be seen in Section 6. 3.

Loosely speaking, effector decoupling means that
individual effectors control independent parts of the system. The
following two definitions formalize the concept of effector decoupling.

Definition 6.1. The system described by (6-19) is de-

fined to be effector decoupled if the controllable space of each bi
th

(the i column of B) does not intersect the controllable space of any
other column.

Definition 6.2. The matrix pair (A, B) is defined to be

effector decouplable if there exists some feedback gain matrix I such

that the closed-loop system (6-19) is effector decoupled.

The dynamfc behavior of an effector decoupled system
is best illustrated by transforming the state space to a special
coordinate frame. The transformation can be generated by using the

dual form of the algorithm of Appendix C. The same result is cbtained
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if the algorithm as given is applied to the transposed matrix pair

((A + BLF, BT) . The transformed matrices have the form

(A + BL) =
with
pr
i
and
B
with

T"l(A+BL)T = | 7
Lo
ro 1 0. .
0 0 1. .
0. )
-p
L
by 0
0
g = | T
_0_’ . °
o
bii = O (Kin)
[ 1]

290

T
Pr.

o

9
. (n X n)
9
o Pt
—_— r
(6-51)
0
0
(Ki X Ki)
Py,
il
(6-52)
0
. (n X r)
9
)
rr |
(6-53)
(6-54)



where K is the dimension of the controllable space of b.1 with respect
to (A + BL). The block diagonal form of (6-51) is a result of the fact
that the controllable spaces for the bi are all nonintersecting. If the
transformed state vector is partitioned to conform with the blocks in

(6-51)

§1(t)
x(t) = T”lx(t) = ) (6-55)

%, (1)

then the equation for each decoupled subsystem is

% () = PiT X () + B, u, (1) "~ (6-56)

The form of (6-51) assumes that (A + BL, B) (or equivalently (A,B) )
is a controllable pair. If (A, B) is not controllable, the controllable
portion of the system can be isolated by applying the dual form of the
transformation used in Lemma 4.4. Then the above transformation

can be applied to the controllable portion. The general form in this

case is
- -
P | 0. . 0 R
0 .
A+ BL) = 0 (6-57)
pT
r
9_’ . ° -9 Rr+1
o p
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By O 0
0 :
B - 0 (6-58)
0 .. 0 )
— -_ rr

0. v v v v

|©

T

with Eﬂ given by (6-54) and P,

by (6-52). The Ri are associated
with the uncontrollable portion of the system.

The results of Section 4.3.6 concerning output
decouplable systems can be applied in their dual forms to the study of

effector decoupling. The following definition is the dual of Definition

4,12 for output decoupling order.

Definition 6.3. The effector decoupling order of bi’
the ith column of B, is defined to be the smallest positive integer

value of j such that

rk[B, AB, ..., Al"lB, AJp] = rk[B, 4B, ..., A"l B]
(6-59)
It is clear that decoupling order is invariant under
coordinate transformations, since the ranks of the matrices in (6-59)
are so invariant. It was noted in Section 4.3.6 that output decoupling
order is invariant under replacement of A by (A + D"C) for any D"
In the present context this means that effector decoupling order is
invariant under replacement of A by (A + BL) for any L. Note that
for the decoupled system given by (6-57) to (6-58) the effector

decoupling order of the ith column of B is ks and
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Ky + ... + = K (5-60)

where

k= rk[B, BAFBOB, ..., GFBL)* B (6-61)

By invariance under coordinate transformations the effector decoupling

order of b.1 must likewise be Ky Further,

k[B, BFBO)E, ..., G+ 8]

x
1}

i

rk[B, (A+ BL)B, ..., (A + BL)‘“'1 B]

rk[B, AB, ..., A" B] (6-62)

I

This is true for any 1. and follows from the dual of (4-87).

Now if (A, B) is effector decouplable, there exists some
L which produces a decoupled closed-loop system. Since condifion
(6~-60) holds for the decoupled system, it must hold for the pair (A, B)
as well by virtue of the invariance properties of the Ky and «. This
means that a necessary condition for (A, B) to be effector decouplable
is that the sum of the decoupling orders of all the bi must be equal to
the dimension of the controllable space of B. This condition can be
shown to be sufficient by transforming to a standard form. If the
above condition holds, the dual of the transformation in Appendix C

will transform A and B into the form

Aq - Ar By
A = TlaT - - . . (n X n)
A,. . . . A .
rl rr
L0 e Ry

(6-63)
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with

~ 7
0 1 0
_ 0 :
ii_ = - .1 (KiXKi)
P R Y
L L
(6-64)
0. 0
.= | . D (kX k)
H 0. 0 o
a..1 e e e e . ai. 0. 0
B 1} J Ky ]
(6-65)
0 . . 0
A.. = . . X K.
It 0.ev v o . O gy
Q..i v « o . A..
i jil ik |
{(6-66)

where K52 K and B is given by (6-58). It is easy to see now that the

decoupled form (6-57) can be obtained from (6-63) to (6-66) by choosing

s T. T, .. |
110 e M |
L = . (6-617)
L ri rr Tr,r+1 |
with
Li = [-pyp-ayqe ooen mpy may ] (6-68)



L. = [-a - , 6-69)

113 [ 8551 , i’ 0, 0] { )

i o= [- ajﬂ, e, - ajiKi] (6-70)
for i, j=1, ..., r. The 1i,r+1 for i=1, ..., r are arbitrary.

These observations establish the following theorem.

Theorem 6.1. The matrix pair (A, B) is effector

decouplable if and only if

K + ... + k = K (6-71}

where Ky is the effector decoupling order of bi and « (given by (6-56) )
is the dimension of the controllable space of B.

This theorem is the dual of Theorem 4.7 with a slight
generalization to include noncontrollable systems.

In Section 4. 3.6 it was shown that a system representa-
tion could be enlarged to obtain a decouplable form. Such enlargement
is not appropriate here. It was noted in Section 4.3.6 that the added
portion of the representation would not be controllable. In this
situation the added portion of the system would not be observable. But
obtaining an effector decoupled system depends on state feedback.
State feedback in turn depends on knowing the state of the system.
Nothing ié gained by enlarging the representation, because there will
be no information available about the state of the added portion of the
representation, which is unobservable.

The transformation of Appendix C was convenient for

establishing Theorem 6.1, but in practice it is not necessary to apply
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this transformation to find a feedback gain which produces a decoupled
system. In the next section various algorithms for generating feedback
gaing will be discussed. Among them is an algorithm which produces

a decoupled closed-loop system when the open-loop system is
decouplable. If the system is not decouplable, the algorithm will

achieve decoupling for as many effectors as possible.

6.3 Algorithms for Generating State Feedback Gains

This section discusses three algorithms for generating constant
linear state feedback gains. They all have the capability for achieving
the primary goal stated at the beginning of this chapter, namely closed-
loop stability for the controllable portion of the system. More specifi-
cally, any of the algorithms can be used to specify almost arbitrarily
all of the closed-loop poles of the controllable portion of the system.
The algorithms differ in two respects. First, the computational
requirements for implementing them are different. Second, the closed-
loop systems they produce will have different structural characteristics,
i.e., the structure of subsystems and dynamic coupling among them.

The first algorithm is simply the dual of the method developed
in Chapter 4 (and Appendix A) for generating a detector gain. The
structure of the resulting closed—rloop system is described in Section
6.2.1. Central attention is focused on a set of outputs as given by (6-42).
In the closed-loop system each component of the output is independently
controlled by a scalar input. The amount of computation involved in
implementing this algorithm is evident from the step-by-step outline

in Section 4.3.5. As will be seen later, it appears that this algorithm
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is the most time-consuming of the three if separability and mutual
detectability must be investigated.

The second algorithm produces the effector decoupling described
in Section 6.2.2. If the system is decouplable the resulting closed-locop
system will be fully effector decoupled. This algorithm is based on the
same orthogonal reduction procedure used in Appendix A. The general
procedure and its properties are fully described in Appendix A. Only a
brief review specialized to the present situation will be presented here.
Basically the null space of a symmetric positive semi-definite matrix
is sequentially enlarged to contain the vectors from an ordered set. In

this case the columns of the matrix
W = [B, AB, ..., A"l g] (6-72)

taken from left to right form the ordered set of vectors. The procedure
begins with any n X n symmetric positive definite matrix 911 (the

identity matrix is a simple choice). An auxiliary vector is defined by

W = 0 (6-73)

1 1P

1

This vector is nonzero because bl is nonzero and Qll is positive
definite. A new symmetric positive semi-definite matrix which

contains b1 in its null space is defined by

W, W

T
11 711

(6-74)
11 "1
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The next auxiliary vector is

Wo = 921 b2 (6-75)

and if W1 # 0 a new symmetric positive semi-definite matrix which

contains both b1 and b, in its null space is

2
Wzlwzrli
Q = Q - B (6"76)
31 21 w Iy
21 72
If Wop = 0, b2 is already in the null space of QZI and
Q = (6-7T7)

31 21

For notational convenience the matrices and auxiliary vectors are
double subscripted for easy association with the columns of W. The
first subscript refers to the column of B, and the second subscript
refers to the power of A (plus one). For example, Qij and Wij are
associated with the vector Aj—1 bi‘ A general iteration in the reduc-
tion procedure is as follows:

1) With Qij from the previous iteration form the auxiliary

vector

w.. = Q. Ay, (6-78)
ij ij i
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2) Define the new matrix by

0 £ awd )
QlJ - ﬁt—ﬁ{—;— ifw..# 0
QLJ if Wij =0 J
.

for i < r (r is the number of columns in B)
or

(i) ifi=r

r] W]_ES Aj—lbi ' er il

LI ( ' > (a-800)
Ler if er =0
-

and return to step 1).

Using the Schwarz inequality and induction it can be shown that
every Qij is positive semi-definite if the initial matrix is at least
positive semi-definite. In this case the initial matrix was taken to be
positive definite. The positive semi-definiteness of Qij ensures that
wi A" b, = 0 if and only if w.. = 0.
ij i ij =

The orthogonal reduction process terminates when all inde-
pendent columns of W have been considered. The termination point is
signaled in one of two ways. The process is obviously terminated if
at some point Qij = 0. This means that n independent vectors have
been processed. Since W is n X (r* n), there can be no more than n

independent columns. When the process terminates with a zero matrix

it implies that (A, B) is a controllable pair. The process can terminate
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on a nonzero matrix if it becomes clear that there are no additional inde-
pendent vectors in the remaining columns of W. The cyclic property

of the columns of W make it possible to identify such a termination

point. For example, if at some point ij k-1

is linearly dependent on the preceding columns in W. But then Al b,

= 0, this means that A bj
for all i > k - 1 will also be dependent on the preceding solumns in W,
and as a result Wji =0 for all i> k - 1. Since jS remains unchanged
if Wi = 0, it is not necessary to even consider the vectors Al bj for
i>k -~ 1. In short, if ij = 0, the reduction process terminates for bj
and all remaining columns in W generated by bj can be deleted from the
ordered set. When the process has so terminated for every column of
B, it is completely terminated. If at this point Qij # 0, then (A, B) is
not a controllable pair. The range space of the final Qij is the
uncontrollable space of B with respect to A. By counting the number of
actual reductions (the number of times Wij # 0) one obtains the
dimension of the controllable space of B (rk W).

The last nonzero auxiliary vector for each column of B has
properties similar to the detection generator of Chapter 4. These
vectors can be used to generate the equation for the feedback gain

matrix. Let kj be the integer for which

Wi * 0 (6—781)

and

(6-82)

.
o
.
+
—
|
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To simplify notation define

(6-83)

It should be noted here that if bj is linearly dependent on the other
columns of B, then le = 0 and there will be no gj for that bj’ In this
case (A, B) cannot be decouplable because those columns of B which
are dependent will always have intersecting controllable spaces
regardless of the feedback. This algorithm can still be used to
generate a feedback gain. To avoid unnecessary complication this
case will be discussed separately later. Until then it will be assumed

that all the columns of B are independent so that
rkB = r (6-84)

and there is a nonzero gj for every bj'

From the reduction procedure it is known that gj is orthogonal
k.-1 N
to all the columns of W preceding A J bj' Specifically

i-1

Tatlg = 0 i=1, ...k -1 (6-85)

g

and if j>1

g;.TAJ b, = 0  f£=1,...,§-1 (6-86)

As noted earlier, the positive semi-definiteness of ij and (6-81)
J
ensures that

k.-1

g A b, #0 (6-87)
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This fact along with (6-85) shows that the vectors {gj, Ang, -
k.-1
. e, [AT] J gj} are all linearly independent. Furthermore, it is

easily seen from (6-85) that

g'jT<A + B = g;FAi'l =L kg (6-88)
and
k. k.-1
g;.T(A+BL)J = ngA J (A + BL)
k. k.-1
= gJTA by g;fAJ BL (6-89)

for any L. Suppose L is chosen to satisfy the equation

k.~1 k.~1 k.

T J - T T A T 3
- A BL = -p..g - ... =-Dp.._ g A -gl A
gJ legj kang gJ 7
(6-90)
for some scalars pji' Then
k. k.~1
T i T T A
= (A + BL = =Py 8 = ee. =D S A
§,J ( ) le gj kaj gJ
_ T _ _ k.-1
= TPy g e Pik, g;.f (A + BL) J
(6-91)

from which it can be seen that kj eigenvalues of (A + BL) are given
by the roots of

k. k

=1

Pik. + ... 4+ Py = 0 (6-92)
J
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It is possible to specify (kl+ ee. + kr) eigenvalues (kj at a time)
by choosing L to satisfy r equations of the form of (6-90). Combining

these equations into a single matrix equation yields

B k-1 ] )
1 T
gl A B zfl
. L = . (6-93)
. k -1 )
T ., r = T
_grA B__ _Zfr___
where
k.-1 k.
T _ T T o ] T 5 ]
Za =T = DP., g - ... -D. LA - gt A 6-~94
] Pj1 & kang & (6-94)

From (6-81) it can be verified that the matrix premultiplying L. in (6-93)

has the triangular form

k-1 k-1
St el b . gla " b,
g R
1 0 .
o k-1 ) .
T r .
g A B N
| °r | 0 .0 gta T g
|~ = r r
(6-95)

By virtue of (6-87) the main diagonal elements in this matrix are all
nonzero, so the matrix is always nonsingular. This proves that (6-93)
always has a unique solution. The diagonal form of (6-95) makes it

possible to solve (6-93) most easily by starting with the bottom row

and working up. Now

kl + ... + k = x = rkW (6-96)
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so the number of eigenvalues which can be specified by this method is
the maximum possible number.
It will be shown shortly that the closed-loop system with feed-

back gain L given by the solution of (6-93) will be completely effector
k.-1
decoupled if and only if g.A J bJZ
k.-1 )
But even if ng J bl # 0 for some £ # j this does not necessarily

= 0 for all jand £ suchthatj # £.

mean that the system cannot be decoupled. In some cases it is possible
to modify gj and form a new gj‘ which has the same orthogonality

properties as gj in (6-85) and (6-86) and in addition satisfies
k.-1
ol b, =0 for all £ #j. By making this modification in g where
]
possible, one ensures that the L given by (6-93) achieves as much

g

effector decoupling as possible. Specifically, gj can (and should) be

modified if the following two conditions hold:

. T kj’l ,
(i) g A b, # 0 for some £> j
and
(ii) kz > kj
Let {bﬁ ; cees blp} be the set of all vectors for which (i) and (ii) hold.

Define a new vector
p (k, -k.)
— Ty 1] (6-97)
g. = g] + Tli glj_ -

i=]

The scalars ni' are the components of the p-vector

n' = . (6-98)
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which satisfies the matrix equation

—
v |
g, A
. Ly T kol
' -— -
n ® k _l [bf 3 3 bz ] gJ A [bl 2 . 3 bﬁ
! 1 p 1 p
g A P
L P - (6-99)

This equation always has a unique solution because the product matrix

postmultiplying n' T

has the same triangular form as (6-95). The gjg
defined by (6-97) is used in place of gj in (6-93). Note that gj" has the
same orthogonality properties as 'gj in (6-85) and (6-86) and in

addition even for £ > j

g't A b, = 0 if k, >k, (6-100)

From these properties it can be shown that the algorithm will
produce an effector decoupled closed-loop system when (A, B) is
decouplable. From (6-85) and (6-87) it is clear that Akj“1 bj is
independent of the columns of [B, AB, ..., Akj_zB] . This shows
that the decoupling order of bj is greater than or equal to kj. If Kj is

the decoupling order of bj’ then
k., < «, (6-101)
and

k, + ... + k < «;, + ... + « (6-102)

From (6-96) and Theorem 6.1 it may be concluded that (A, B) is
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decouplable if and only if equality holds in (6-102). But by (6-101)

equality holds in (6-102) if and only if

k. = «. j=1, eou, T (6-103)

Hence, (A, B) is decouplable if and only if (6-103) holds. If (6-103)

holds then

k.-1

gj'TA 17b, =0  foralls#] (6-104)

by the following reasoning. In view of (6-86) and (6-100) the only b,
for which (6-104) could be violated is if £ > j and kj > kil . But if
k.1
;T Al bJZ # 0, then Kp 2 kj by the same reasoning used to establish

“ > kj" This would imply «, > k, which contradicts (6-103). There~

g
= . 2
fore (6-103) implies (6-104), and one may conclude that (A, B) is
decouplable only if (6-104) holds.
If (A, B) is decouplable, the closed-loop system with L given
by (6-~93) (with gj replaced by gj' where appropriate) can now be
shown to be effector decoupled by introducing a transformation defined

by

T, = g} (6-105)




where T is an (n - «}) X n matrix chosen so that the columns of ng

d2
form a basis for the uncontrollable space of B. When this transforma-

tion is applied to (A + BL) and B, the resulting forms are

B ]
— -1 0
(A+BL) = TA+BL)T = . T .
P 0
r —
9 9 R
(6-106)
by 2 g
_ 9 . .
B = TB = : - ) - (5-107)
0 . 0 b
= - rr _|
where
0 1 0. 0 |
0 0 1 0
P - . (k. X k.)
1 * . L L
0 0 1
“Pi1 “Pik.
bena ]‘-
(6-108)
and
0 ]
_— : (k; X 1) (6-109)
k.-1
T i
g A by
b d
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k.-1

"TA L bi # 0) and R is an (n - «) X (n - x) matrix satisfying

(recall g

sz(A+BL) = Td2A = RT (6-110)

d2

From the block diagonal forms of (A + BL,) and B it can be seen that
the algorithm has produced an effector decoupled system.
If (A, B) is not a decouplable pair (6-104) will be violated for

some bﬂ for which £ > j and «x, > kj > klz . When the transformation

J)
{6-105) is applied in this case, (A + BL) will have the same form as

{(6-106) but B will have the more general form

b11 Ce e blr
B = (6-111)
by o brr
with
O T
b., = . k. X1 6-112
iy : (k; X 1) (6-112)
k.-1
Tpad
A b
L...gJ L]
The equation for each subsystem is
r
Z B T - — —
xj(t} = Pj Xj(t) + bjj udcj(t) + z bjl g, (t) (6-113)
1=1
2% ]
Note that le can be nonzero only if Ky > kl . This means if Ky = kﬁ

then Ugag (t) controls only the lth subsystem and has no influence on

the other subsystems.
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In the case where rk B <r, indicating a linear dependence
among the columns of B, the algorithm can still be used to gencrate
an L. Suppose rk B =r! <r. There will then be only r' nonzero
generators gj and only r' equations such as (6-90) for .. The matrix
premultiplying L in (6-93) will no longer be square, but will have
dimension r' X r. It can be shown from (6-85) and (6-86) that this
matrix always has rank r'. This ensures that the equation for L will
always have a solution, but it will not be unique. "As mentioned earlier,
this situation precludes the possibility of obtaining an effector
decoupled system because (A, B) is not decouplable.

It seems certain that this algorithm will require less computa-
tion than the first one. It is not necessary to generate the auxiliary
matrices corresponding to K and C' of Chapter 4. Nor is it necessary
to worry about separability and mutual detectability. The solution of
the equation for L is made simpler by the triangular form of (6-95).
The modification of the gj seems to require some additional computa-
tion, but this is not certain because the use of the modified generators
g'j introduces additional zeros in off-diagonal elements of the matrix
in (6-95). In fact, if the system is decouplable, this matrix will be
purely diagonal. It should be mentioned that the most efficient way to
modify the gj is to start with j=r - 1 (gr never needs modification)
and work backward replacing gj with g'j at each step. In this way
one obtains the largest number of off-diagonal zeros in the matrix
postmultiplying n'T in (6-99). It is possible to show that none of the
gj will need modification if the starting matrix for the reduction
procedure Qll is properly chosen. Unfortunately no simple wey of

finding such a Qll is yet available.
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The third algorithm for generating a feedback gain matrix is
concerned only with specifying poles of the closed-loop system, rather
than producing any specific kind of subsystem structure (e.g., decoupled
effectors). It is of interest for feedback restructuring because it allows
the possibility of specifying some poles of the closed-loop system as
the algorithm proceeds, rather than having to wait until all the computa-~
tion is completed as in the previous two algorithms. This feature will
be described in more detail later.

The third algorithm is computationally very similar to the
decoupling algorithm just presented. The orthogonal reduction
procedure is again employed. The columns of W make up the ordered
set of vectors except the ordering of the set is different. In this case

n-1

-G e U YUY Lot SN

1" 17 72 r

The reduction process proceeds as before with appropriate changes in

the ordered set of vectors is {bl, Ab

the condition for termination. After starting with b,, the first inter-

1°
mediate termination point is reached when le = 0 for some j (the
double subscripts on W.lj and Qij have the same significance as
previously). All further vectors generated by b1 may be disregarded
and the process continues with b2. The process is completely termi-
nated when either Qij = 0 or the termination point associated with br is
reached (i.e., er = 0 for some j). The terminating Qij has the same
significance as in the decoupling algorithm. Feedback generating
vectors are again defined as the last nonzero auxiliary vectors
associated with the columns of B

g. = W.

k.
J JJ

# 0 (6-114)
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= «115)
Wj,k.+1 1] (6-115)
J
In general the kj here are different from those in the decoupling

algorithm, but it is still true that k., + ... + kr =k =rk W, The

1
equations for L have the same form as (6-90). It is not necessary to
modify the gj. For this algorithm it is more likely that there will be
less than r generating vectors gj. This will certainly be the case if
rk B<r. Even when rk B = r there will be fewer than r generating
vectors if bj’ for example, is contained in the combined controllable
spaces of the previous columns of B (i.e., the controllable space of

[b . bj—l] ). In this case w,

1’ j1
noted previously, the presence of less than r generating vectors simply

= 0 and there will be no gj. As

means the solution of the matrix equation for L is not unique.

Just as for the decoupling algorithm the total number of eigen-
values of (A + BL) which can be specified is the maximum possible
number, « = rk W. The significant feature of this algorithm which
makes it worthy of mention is that it is possible to specify some eigen-
values of (A + BL) before the orthogonal reduction procedure is
completed and without fear of introducing unwanted eigenvalues. To
clarify this statement some background information is necessary. At
any point in the reduction procedure for either of the last two algorithms
it is possible to use the auxiliary vectors to immediately write down an
equation for L, which will specify a certain number of eigenvalues of
(A + BL). For example, at any point in the decoupling algorithm one
has at hand the last nonzero auxiliary vectors for each b., say

ij,. # 0. These vectors have the same orthogonality properties as
J
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the gj in (6-85) and (6-86) except that kj is replaced by k'j. By using
the ij,. in the same way that the gj were used it is possible to write
down an equation for L corresponding to (6-93). The solution of this
equation will yield a matrix (A + BL) in which (k' Tt k’r) eigan-
values can be specified by choice of the coefficients pij’ The problem
with this premature specification of eigenvalues is that when the
reduction procedure is not complete (k'1 + ...+ k'r) < «, and the
number of eigenvalues so specified is less than «. The (n - «) eigen-
values of A associated with the uncontrollable space of B cannot be
altered by the feedback. But this still leaves « - (k'1 + ...+ k'r)
eigenvalues of (A + BL) which are determined by the feedback and yet
are not explicitly specified by the pij‘ There is no simple way of
ensuring these uncontrolled eigenvalues will be stable.

Using the third algorithm it is possible to specify a number of
eigenvalues at each intermediate termination point without introducing
uncontrolled eigenvalues. Suppose the first intermediate termination
point has been reached, so g is known. Now introduce feedback in
just the first control component so the closed-loop system matrix is

(A + bll«l) where 1118 an (1X n) row vector given by

_ 1 T T ®1-1 T K1

4 o= T Fi-1 [- P8y - - ‘p1k1g1A -gA 7]
(glA bl)
(6-116)
Then
k T k k. -1

T 1 1 T .51
g/ (A+byl) = g A+ g A b 1,



k., -1

o T i T 51
= TPnfp T TPk B A
k. -1
) T i T 1 i
= cpyge] e Py € (8 +b,1,) (6-117)

which shows that k., eigenvalues of (A + bll_l) are given by the roots of

1

kl kl-l
S +p1ks +...+p11=0

1
(6-118)
But

n-1

ey A" b ] (6-119)

and this is the maximum number of eigenvalues which can be influenced
by feedback in only the first control component. All the remaining
(n - k,) eigenvalues of (A + bll_l) must be the same as those of A.
Therefore no uncontrolled eigenvalues have been introduced. When
the second intermediate termination point is reached, feedback can be
allowed in the first two control components and the nhumber of eigen-
values which can be specified is
ky+k, = rk[(b,by), Alby,by), --., A“’l(bl,b2)]

(6-120)
Again no uncontrolled eigenvalues are introduced because all remaining
eigenvalues remain unchanged. The process can be repeated at each
intermediate termination point. The intermediate specification of eigen-
values may be valuable in situations where instabilities in the open-loop

system threaten to exceed acceptable bounds before the orthogonal
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reducticn process can be completed. By specifying eigenvalues at
intermediate termination points unstable eigenvalues may be eliminated.
Of course, the algorithm need not start with bl' The columns of B
can be arranged in any order. If an unstable eigenvalue of A is known
or suspected to be associated with the controllable space of a particular
column of B, then the algorithm should begin with that column.

The structure of the closed-loop system produced by the third
algorithm is more obvious if a transformation of the form of (6-105) is
applied. When this is done, (A ¥ BL) = T(A+ BL)T ! has the same

form as (6-106), but B has the form

b11 e e e e e e blr
_ (L :
B = TB = . < . (6-121)
0. 0 b
- - rr _|
where
_0 -
i = . (kix 1) (6-122)
0
k.-1
T. 1
L&A Py

The off-diagonal vectors Eij have no simple form, in general. If there
are fewer than r generating vectors, say r' <r, then there are only r'

of the P, blocks in (A + BL) and B has the form
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b11 e T T T T blr ‘
_ 0 "
B = . .
= == o |
_-Q 4 brr’ re |

(6-123)

Although this algorithm is not designed to yield any specific
subsystem structure, it is possible to make some general remarks about
the type of structure it tends to produce. For this algorithm the columns
of W are reordered so that all vectors generated by b1 are considered
first, and so on. This tends to make the dimensions of the earlier
(lower indexed) Prir smaller. On the other hand, the decoupling
algorithm tends to make the Pi roughly equal in size. In terms of
system structure this means that the decoupling algorithm tends to
produce a parallel type of structure, whereas the third algorithm leads
to a cascade-type structure. As a simple illustration of this consider
a third order system controlled by three independent control inputs,
each of which can control the system acting alone. Suppose the three
closed-loop poles are specified to lie on the negative real axis at

-0, = Oy, and - O The decoupling algorithm would produce a system

3
of three independent first order subsystems as shown in Figure 6-1(a).
The third algorithm would produce the cascade-type structure shown
in Figure 6-1(b).

It would appear that the cascade algorithm compares favorably
with other pole assignment algorithms discussed in the literature. It
is certainly computationally simpler than the straightforward approach

of determining the characteristic polynomial of (A + BL) by expanding
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1
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b,
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2
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(a2) Decoupling Algorithm

(b) Cascade Algorithm

Figure 6-1.
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the determinant |[Is - (A + BL)| , setting the coefficients equal to
some desired values, then solving the set of n nonlinear equations for
the n-r elements of L. It is also simpler than algorithms based on
transformations which produce certain canonical matrix forms (such

as suggested in [23]). Although it is not necessary to actually perform
a complete state space transformation in such an algorithm, it is
necessary to compute certain parameters appearing in the canonical
form of A, and then transform the feedback gain matrix back to the
original coordinate frame.

There is another pole assignment algorithm discussed in the
literature (referred to as the spectral algorithm in [23]), which may
be useful for feedback restructuring. It is based on the Jordan form
of the A matrix (the system matrix for normal mode state variables).
This algorithm allows assignment of a small number of closed-loop
poles (in some cases a single pole) while leaving the remaining poles
of the system undisturbed. Hence, the algorithm can be applied
recursively, specifying a small number of closed-loop poles at step.
As noted previously in introducing the cascade algorithm, this would
seem to be a desirable feature for an on-line restructuring process.
The spectral algorithm has some computational disadvantages, however.
In order to specify a certain number of closed-loop poles, one must
first determine an equal number of open-loop poles (eigenvalues of the
A matrix) plus the corresponding eigenvectors of A. In general,
determining eigenvalues of A will require solving the characteristic
equation for A, which is an nth order polynomial equation. None of
the algorithms discussed previously in this section require knowledge
of any eigenvalues of A.
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Another disadvantage of the spectral algorithm is that it must
be modified if A has repeated eigenvalues. This suggests that for a
general A matrix it will be necessary to determine all the eigenvalues
in order to check for repeated eigenvalues before the correct algorithm
can be implemented. This requirement would increase the computation
time necessary before specifying the first group of closed-loop poles,
thus reducing the speed advantage offered by recursive specification
of poles. The cascade algorithm is applicable to a general A matrix,
and it is not necessary to have information about repeated eigenvalues
or other structural properties in order to implement it.

Because of the necessity for computing eigenvectors of AT, the
computation required in the spectral algorithm increases significantly
when specifying a large number of poles. (Simon and Mitter [23]
claim the increase is exponential.) Therefore, the cascade algorithm
seems better suited to specifying a large number of poles. It would
appear, however, that if A happens to be in a form in which some
eigenvalues can be readily identified, then the spectral algorithm
would probably be the fastest way of changing those particular eigen-
values. The spectral technique would be especially valuable if some
way could be found to identify quickly any unstable poles in the existing
system, since it would provide a way of concentrating the feedback

restructuring efforts on stabilizing those unstable modes.
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CHAPTER 7

CONCLUSIONS AND RECOMMENDATIONS

7.1 Conclusions

The purpose of this research was to develop practical methods
of self-reorganization which can give a complex linear dynamic system
the ability to restructure itself to compensate for failures in its effectors
and sensors and changes in dynamics. The ultimate goal of self-
reorganization is to achieve the maximum reliability with the minimum
amount of hardware by restructuring the system to make effective use
of all hardware available at any given time. The basic approach taken
in this research is to identify the failure or change and then restructure
the system based on that information. This approach is in contrast to
reorganization based on performance information.

Chapter 2 demonstrates how the concepts of controllability and
observability may be used to evaluate the potential ability of a linear
system to tolerate failures of its effectors and sensors. A lower bound
is established for the number of effectors and sensors a linear time-
invariant system requires for complete controllability and observability.

Since the reorganization process is based on information about
the failures or changes occurring in the system, the greatest attention
was devoted to the problem of detecting and identifying such events. The
major contribution of this research is the theory and design of detection

filters developed in Chapter 4. Detection filters provide a practical
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way of detecting and identifying effector failures, sensor failures, and
dynamic changes in a complex multiple-input, multiple-output linear
system. The important features of a detection filter include the
following:

1) When a failure or change occurs the detection filter produces
a vector error signal whose direction indicates the location of the
failure or change, or at least narrows the location down to a small
number of possibilities. An effector failure or a change in some
parameter in the dynamic equations of the system produces an error
signal in a fixed vector direction. This invariant direction indicates
which effector is malfunctioning or which parameter has changed. 1In
some czses the invariant direction may be associated with more than
one effector or parameter, in which case the location of the failure or
change is narrowed down to those effectors or parameters associated
with the invariant direction. In this situation the time-varying behavior
of the error magnitude often provides enough additional information to
identify a particular effector or parameter from the set of possibilities
indicated by the invariant error direction. A sensor failure does not
produce a fixed-direction error signal, but the error vector is
constrained to lie in a two-dimensional invariant plane. This plane
identifies the malfunctioning sensor.

2) In the absence of failures or changes in dynamics (or after
they have been identified and compensated for) the detection filter
produces an estimate of the state of the system. The estimate is
asymptotically stable in the sense that in the absence of disturbances

the error in the estimate approaches zero asymptotically. The
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detection filter may therefore serve also as a state estimating
filter.

3) The poles of the detection filter are under the control of
the designer. This means the response time of the filter can be
made as fast as desired, consistent with other considerations such as
noise disturbances and gain magnitudes. It also means that the filter
may be designed to enhance the response to failures or changes it is
supposed to detect, While suppressing the response to sensor noise
and plant disturbances.

4) A detection filter (whose state dimension is equal to that of
the system) has the potential to detect a substantial number qf different
events (failures and changes in dynamics). When a single detection
filter is not capable of detecting all possible events, it is merely
necessary to use additional filters, each designed to detect a subset
of the set of all possible events. Because each filter has the potential
to detect a substantial number of events, it should be possible to
detect all possible events with a small number of filters. For the
special case in which the state vector of the system is fully measurable,
a single detection filter can provide information about all possible
events — effector failures, sensor failures, and changes in dynamics.
For the more general case of a partially measurable state vector, the
number of different failures a detection filter is capable of detecting is,
loosely speaking, approximately equal to the number of independent
sensors in the system. In particular situations it may be more or less.
In any case a single detection filter can provide information about all

changes in the dynamics of a linear system.
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5) The same basic theory is applicable to designing detection
filters for effector failures, sensor failures, and changes in dynamics.
For detecting changes in dynamics, the detection filter is especially
effective when the possible changes are limited to a small number of
parameters. Even when applied to the general problem of identifying
or tracking unknown linear system dynamics, detection filter theory
yields an identification method which appears comparable to the best
tracking model methods now proposed in the literature.

6) The computation required to design detection filters involves
mainly the solution of sets of linear algebraic equations. It is not
necessary to solve differential equations -- either linear or nonlinear.
The computation is substantially less than that required for a Kalman
filter, for example, which requires the solution of a Riccati equation.

Chapter 4 develops a substantial body of analytical results on
the structure of detection filters. The results have been developed
from the viewpoint of actually constructing a detection filter. As a
result, some of the algebra may be more extensive than would be
necessary if more sophisticated methods of mathematical analysis were
used. However, the constructure viewpoint provided a good basis for
the development of the design algorithms presented in Appendices A, B,
and C. The material in Chapter 4 should continue to provide a good
basis for the future development of even more efficient design algorithms.
Sore of the more important results of Chapter 4 are listed below.

1) Theorem 4.1 is the basic result of detection filter theory.
It guarantees that there always exists some detection filter, with poles

arbitrarily specified by the designer, which will detect any single
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failure or change in the observable dynamics of a system. The other
theorems and lemmas in Section 4.3.1 are intermediate results
leading to the proof of Theorem 4.1. However, some of them are
important in filter design, and these are mentioned in the next item.

2) Lemma 4.2 establishes the existence of detection generators,
the vectors which play a central role in the actual design of detection
filters. Theorem 4.2 introduces the basic linear algebraic equation
for the error feedback gain matrix which gives a-detection filter the
invariant direction property. The results of Theorems 4.3 and 4.4 show
how it is possible to arbitrarily specify all the poles of the detection
filter while achieving the invariant direction property. In addition, the
proof of Theorem 4.4 shows how to actually determine the méximal
detection generator, which allows full specification of the poles of the
filter. The algorithm in Appendix A is based on the construction used
in that proof.

3) Theorem 4.5 establishes the conditions under which it is
possible for a single detection filter to detect a number of different
events while allowing the poles of the filter to be arbitrarily specified.
(Such events are defined to be mutually detectable.)

4) Theorem 4.6 establishes a method for dividing the set of all
possible events into subsets of mutually detectable events. All the
events in each subset can then be detected by one detection filter. Often
events which are not mutually detectable can still be detected with a
single filter by allowing certain poles of the filter to be fixed by the
design process rather than specified by the designer. Theorem 4.6

provides the basis for identifying these unspecified poles and regrouping
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sets of events so that any undesirable poles are eliminated. This
material is developed in Section 4.3.4.

When detection filter theory is interpreted in its dual form
the results yield design techniques for determining linear state
feedback laws for linear time-invariant systems. It is well known
that if a linear time-invariant system is controllable, then a linear
state feedback law can always be found which produces closed-loop
poles in any desired location in the complex plane (complex poles
must appear in complex conjugate pairs). The techniques introduced
in this research not only provide for specification of the closed-loop
poles of the system, but also can produce several interesting types
of subsystem structure such as scalar-input, scalar-output decoupled
subsystems or effector decoupled subsystems. Chapter 6 presents
the algorithms for implementing these feedback control designs. Also
presented is a third algorithm which is concerned only with fast specifi-
cation of closed-loop poles. These algorithms form the basis for
restructuring of the feedback control loop to compensate for failures
and changes in the system. The computation involved in implementing
these techniques seems sufficiently simple to make their use feasible
for on-line restructuring. The results may also be of interest for

off-line feedback design.

7.2 Recommendations for Further Study

The next logical step for further research is to substantiate the
theoretical analysis of detection filters and test the feasibility of the

feedback restructuring algorithms through computer simulation. It
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would also be most valuable to design detection filter reorganization
systems for some example systems to demonstrate computational
feasibility and performance in the presence of realistic disturbances.
Areas for further analytical studies include the following:

1) The concepts introduced in Chapter 2 merely evaluate the
supplementary redundancy of a system after it is constructed. It
should be possible to develop these concepts to aid in the actual design
of supplementary redundant systems.

2) It would b‘e useful to obtain more general results on the
detection of nonseparable events as defined in Chapter 4. Such results
could lead to methods for substantially increasing the number of
different events a single filter is capable of detecting. For fhe general
case of a partially measurable state vector the number of simple
events (e.g., one effector failure) detectable by a single filter is, with
present design methods, roughly the same as the number of independent
sensors. Recall that for the case of the fully measurable state vector
a single filter could detect all the events being considered — effector
failures, sensor failures, and changes in dynamics -- potentially a
much larger number of events than the number of independent sensors.
It seems reasonable to speculate that as the number of independent
sensors increases, it should be possible to construct a detection filter
capable of detecting substantially more events than the number of
independent sensors.

3) The algorithms in Appendices A and B for implementing the
design of detection filters are not intended to be the last word in compu-

tational efficiency. It seems reasonable to expect that they can be
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improved upon in this respect. The extensive analytical results in
Chapter 4 should be useful in developing new methods of implementing
the theory of detection filters. Rapid computational algorithms will
also be valuable for the design of linear state feedback laws for time-
invariant linear systems.

4) Chapter 5 discusses some simple methods for processing
the detection filter error information to identify the most likely event
{or events) in the face of uncertainties caused by noise disturbances
or simultaneous multiple events. It should be possible to develop more
sophisticated methods for processing the detection filter information.
For example, if statistical information is available on noise disturb-
ances or on the occurrence of events, then this information might be
used to develop decision rules which are statistically optimum in
some sense.

5) This research has been primarily directed toward designing
reorganization methods for an existing dynamic system. A related
area which seems lucrative for further research is the design of the
basic system (e.g., placement of effectors and sensors) to make
failures easy to identify. The material in Chapter 4 should provide a

good basis for such research.
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APPENDIX A

ALGORITHM FOR DETERMINING

THE MAXIMAL GENERATOR

Determination of the maximal generator for a vector f is

divided into two basic steps:

II.

Finding the null space of M defined by (4-182),

i.e., all independent solutions of
M'w = 0 o (a-1)

Finding a vector g in the null space of M'

satisfying
C
g=0 (A-2)
ca¥~2
caV lg = caHs (A-3)

where V is the detection order of f and y is defined by condition

(4-108). Note the similiarity of these two steps. They both involve

finding vectors lying in the null space of a given matrix. The following

algorithm, referred to as the orthogonal reduction procedure, is a

general method for solving such a problem.

Consider an n'X n matrix
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v o= | . (A-4)

where the v, are arbitrary n-vectors. The orthogonal reduction
procedure is an iterative process which generates an n X n positive
semi-definite matrix whose range space coincides with the null space
of V. In each iteration a row of V is tested to determine if it is
orthogonal to the range space of the symmetric matrix. If not, the
range space of the matrix is reduced so that this is the case. The
procedure begins with any symmetric positive-definite matrix Ql. An

auxiliary n-vector is defined by
w, = Q.,v (A-5)

If vy is nonzero W will be nonzero, since Ql is positive definite.

Furthermore, W'f vy will be nonzero. A new symmetric positive

semi-definite matrix is defined by
(A-6)

The procedure continues according to the following general iteration:

(i) With Qi from the previous iteration, form the

auxiliary vector

w, = Qi v, (A-T)
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(ii) 1f Wi# 0 set

= I S -
Qi = T (£-8)

or if wi

0 set
Q1 = (A-9)
and return to (i)

The algorithm has the following important properties:

1) If Q. is positive semi-definite, W'ir v, =0 if and ’o‘my if
w; = 0. This follows from the definition of w,.

2) If Qi is positive semi-definite, so is Qi+1' This is trivially
true if w, =0. Assume w, # 0. For any arbitrary n-vector z and

any scalar o

(z - av)T @ (z-av) > 0 (A-10)
In particular, this must be true for

wl
1

Z
a = (A-11)
WT V.
1 1

Expanding (A-10) and substituting (A-11) yields

N« ) _ T . oo T T
(z avi) Qi(z avi) =z Q.lz zaViQiZ+ dzvi ini
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T (W;TZ)2
= z 0.z T
1 W. V.
1 1
-zl .z > o0 (A-12)

By induction this shows that all Qi are positive semi-~definite if the
starting matrix Ql is at least positive semi-definite.

3) If W, # 0, then

erHl = 1."1(82i -1 (A-13)

and the null space of Qi+1 is the subspace formed by Vs and the null
space of Qi' In Equation (A-12) equality holds (and thus Qi+l z = 0)
if and only if (z - ozvi) lies in the null space of £ ;- But this implies
z must lie in the subspace formed by vy and the null space of Qi'

4) At any point in the process the range space of Qi is made
up of all vectors orthogonal to the vectors {Vl’ cees Vi-l}' This
follows from property 3) and the fact that the starting matrix Ql is
positive definite. If Ql is only positive semi-definite, the range
space of Qi is made up of all vectors from the range space of 821
which are orthogonal to {vl, cees Vi-l} . When all the rows of V

have been processed the final matrix Qn has a range space which

t+1
coincides with the null space of V (for Ql positive definite). The
number of reductions made (i.e., the number of times (A-8) is

performed) is equal to the rank of V.
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5) If Ql is positive definite and W, o= 0, then v, is linearly
dependent on the preceding vectors {vl, cee, Vi—l} . By virtue of
property 4) the vectors {vl, s Vo 1} span the null space of Qi'
Since w. =0 implies v, is in the null space of Qi’ it must be
expressible as a linear combination of the vectors {Vl’ oees Vi—l} .

The first step in finding the maximal generator for f can now
be accomplished by applying the reduction algorithm to the matrix M"
defined by (4-182). The algorithm begins with a symmetric positive
definite matrix, such as the identity matrix. The rows of M' corre-
spond to the v’iT in (A-4). Because of the cyclic manner in which the
rows of M' are generated it is not necessary to process all the rows.
A row can be skipped if it is known that it is linearly dependent on
preceding rows, because the auxiliary vector in that case will be zero.
When a particular auxiliary vector is found to be zero, for example,

- LT -
W, = Qi(c'jK) = 0 (A-14)

{(where c’j is the jth row of C') it is then known that c'j Kﬂ is

linearly dependent on the preceding rows in M'. But if this is so,

then all remaining rows of M' generated by c:'j (i.e., c'j Kk for all

k > £) will also be dependent on preceding rows of M'. The auxiliary
vectors associated with these rows will all be zero, so there is no need
to considér them in the reduction procedure. The appearance of the
first zero auxiliary vector, as in (A-14), will be referred to as the
intermediate termination point for c 'j . The reduction process is

completely terminated for M' when the intermediate termination points
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for all rows of C' have been reached. It is of interest to note that
since rk C' <rk C, there is a linear dependence among the rows of C',
and at least one row of C' will be terminated when it is first processed.
When the algorithm is completely terminated the final matrix, denoted
by Qf, will have a range space which coincides with the null space of
M'. At that point q' = rk M' is given by the number of reductions
performed.

The second step in finding the maximal generator is accomplished

by applying the reduction procedure to the rows of the matrix

C

=
LI}

KT (A-15)

- '—-
cx4'-1

starting with the final matrix Qf from the first reduction process. The
rows of C span a subspace which contains and is exactly one dimension
larger than the subspace spanned by the rows of C'. Since the range
space of Qf is orthogonal to éll the rows of C', all rows of C except
one will be terminated when first encountered in the reduction process.
The process will be completely terminated when the termination point
for this one row, say Cj’ is reached. The final symmetric matrix at
termination will be the zero matrix if (A, C) is an observable pair. The
maximal generator is formed from the last nonzero auxiliary vector

before termination,
i

W, o= Q (ojKV'1)T ) (A-16)

where vV =n - q' is the detection order of f. By construction W lies
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in the null space of M' andsatisfies

C
: w, o= 0 (A-17)
“xV-2
and
ek’ w, = CAV"lwi £ 0 (A-18)

These are all the requirements for the maximal generator except the
magnitude of W, must be adjusted to satisfy (A-3). The maximal

generator for f is then given by

It should be mentioned that the matrix

C
M = . (A-20)

éAn~q'—l

can be used in place of M for the second reduction process. In fact,

KT
any matrix of the form A" = A - D"C with D" arbitrary can be used in
place of K in (A-15). The matrix K was shown because it is usually
simpler than A. As noted in Section 4.3.1, A may be in a form (e.g.,
the standard form (4-403) to (4-405) ) which makes it possible to

determine by inspection a D" which yields an A" = A - D"'C considerably

simpler than A. 1In this case A" can be used in place of A in finding the
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maximal generator. This includes using A" in defining K. When such
an A'' is available it can also be used in A-15) in place of K.

If the final symmetric matrix at termination is not the zero
matrix, then (A, C) is not an observable pair and the range space of the
final matrix is the unobservable space of C. The maximal generator
was defined in Chapter 4 only for the case where (A,C) was an observable
pair. However, it was noted in remark 4) at the end of Section 4.3.1
that condition (1) of detectability can be achieved for an unobservable
pair if 7 does not lie in the unobservable space of C. For this case the
g given by (A-19) can be used in exactly the same way as the maximal
generator to achieve condition (1). If (k - 1) is the power of A associated
with the last nonzero auxiliary vector, then (k + q') is equal to the
dimension of the observable space of C, which in this case is less than
n. The (n - q' - k) eigenvalues of A associated with the unobservable
space of C cannot be altered and will always appear as eigenvalues of
(A - DQC).

When using this algorithm to find maximal generators for a set

of vectors {fl’ ..., £}, the following procedure is suggested:

(1) Starting with a symmetric positive definite matrix,
apply the reduction process to M' given by (4-261)
with K and C' defined by (4-257) and (4-255) for
the full set of fi'

(ii) For each fi apply the algorithm as presented, except
replace the starting matrix 91 with the final termi-

nating matrix from (i).
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This procedure requires fewer total reductions than simply repeating
the complete algorithm for each fi'

The last nonzero auxiliary vectors obtained at the intermediate
termination points in the first orthogonal reduction process can be used
to specify the gq' eigenvalues of (A - DC) = (A' - D'C"') which remain
unspecified after D is constrained to be a detector gain. It was noted
earlier that at least one row of C' will be terminated when first
encountered in the reduction process. For this row there will be no
nonzero auxiliary vector. Additional rows of C' will also be terminated
at first encounter if rk C < m, implying a linear dependence among
some rows of C (recall C is m X n). Assume, then, there are {
independent rows in C' where £ < (m - 1). Each of these rows will
have a final nonzero auxiliary vector. Let {c'j s eees c:'j } be the

)2

first £ independent rows of C'. Denote by w,. the final nonzero

fi
auxiliary vector associated with ¢'. and assume the termination point
' -
. i
occurs at the row c’j K '. Then

* 0 (A-21)

C' C!
W, = . = 0
q.-2 fi ) o9 Wi -
C'K ' crat !

(A-22)

and
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¢ K ' w, = c'pA' Y ow,, = 0 forall p<j,
(A-23)
From (A-21) and (A-22) it can be seen that the W have orthogonality
properties similar to those in (4-80) and (4-81) for a detection
generator. They can therefore be used in like manner to specify
eigenvalues of (A' - D'C'). By arguments similar to those used for
detection generators it can be shown that
AP w = (A'—D'C')pw for p=20 q'. -1
fi fi R |
(A-24)
and that these q'i vectors are linearly independent. Further, (A-23)
can be used in a development similar to the proof of Lemma 4.5 to
show that the entire set of (q'; + ... + q',) = q' vectors {wﬂ, oo
ql_l 'q,£'1
Wi We2e oo

Now if D' is chosen to satisfy the equation

., A Wﬂ} are all linearly independent.

qk-l q&—l
i 1 — 1 1 H
D'C'K wg; = D'C'A W
a1 a
= Py Wgyt el p'iq'. Al We, Al We.
1
(A-25)
then
e i i da i)
{A' - D'CY) Wfi = A wﬁ—DCA Wes
q';-1
= - ! - - t t
Py Weg ~ oo T Pyg A Wei
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q'. -1
N _ ! 1 _ myery L
= Py Wey =+ oo piq,i(A D'C") Wos

(A-26)
which shows that q'i eigenvalues of (A' - D'C') are given by the roots

of

a; ' q';-1 , ,
s =~ + piq,is t ...+ pyy o= 0 (A-27)
By requiring D' to satisfy equations such as (A-25)fori=1, ..., {
a total of (q'1 + ...+ q'l) = q' eigenvalues can be specified by choice

of the p'ip. Combining all these equations into a single matrix equation

yields
' 1
D'C'[K 11w qu 1W ] = [w w' ]
f1’ ’ fe I’ ’ £
(A-28)
where
-1 q'.
t — ' 1 1 1 1 1
WY Py We t + piq’iA Wep AT T Wy
{(A-29)
Relation (A-23) ensures that
q'l-l q'l-l
rk {C'[K Weps -ees K wﬂ]} = £ (A-30)

and therefore by Lemma 4.3, (A-28) always has a solution.
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APPENDIX B

ALGORITHM FOR GENERATING A AND THE Gi

FOR NONMUTUALLY DETECTABLE VECTORS

It is assumed that the maximal detection generators for the set
of output separable vectors {fl’ oo fr} have been found. The
detection order of fi is v.. If these vectors are not mutually detect-

able the dimension of the excess subspace is

k, = n—q'-—(V1+...+Vr) (B-1)

where (n - g') is the group detection order of the above set of vectors.
The orthogonal reduction procedure described in Appendix A can be
used to generate a basis for the excess subspace as defined in Section
4.3.3. The algorithm begins with the terminating matrix which
results from step (i) in the procedure suggested in Appendix A for
finding the maximal generators for a set of vectors. Specifically, this
is the terminating matrix which results when the reduction procedure
is applied to M' given by (4-261). Starting with this positive semi-
definite matrix the reduction process is applied to the rows of the

matrix

k¢
=Z¢

(B-2)

=

where
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and

(B-3)

(B-4)

with K given by (4-257). The Ei i=1, ..., r are the rows of the

r X n matrix

¢ = [emTer]  emc

with F given by (4-242).
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It can be shown that the rule presented in Appendix A for identi-
fying intermediate termination points is also valid for this algorithm.
The reasoning is somewhat different, however. Let g; be the maximal
generator for fi' From the properties of a maximal generator it can

be verified that

[ L _ . _ ~
SKPg = 0 if p<y -1 (B-6)
- Vi-l

¢K g #£ 0 (B-7)
Eij g = 0 forall p >0 if jAi (B-8)

These relations can be used in a development similar to the proof of

Lemma 4.5 to show that all (1/1 + ...+ Vr) rows of M, are linearly

1
independent of each other and all rows of M' as well. This means that

rle = Vl + ... + V. (B-9)
and
f\?[l
_ 7 -
rk o = rkM+rkM1—q+V1+...+Vr
M,y
(B-10)

All auxiliary vectors associated with the rows of 1‘7[1 must be nonzero
because a zero auxiliary vector implies the associated row is dependent

on previous rows. Assume the final nonzero auxiliary vector for c;

[ Vi+kei"'1 . . . . . .
occurs at row CiK , i.e., the intermediate termination point
-t ~ Vi+kei . P

for c; occurs at row CiK . Since no nonzero auxiliary vectors

L4
can be associated with rows in Ml’
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kei > 0 forall i=1, ..., r (B-11)

If kei >0, let V\(Ii denote the final nonzero auxiliary vector for Ei"

Then

EK N (B-12)

When kei >0, \k’ri must appear during processing of M It is ortho-

9
gonal to all preceding rows in 1\712 as well as all rows of Ml and M',
so
M'w, = 0 (B-13)
K%, = 0 for £ =0, ..., v.+k .-2 andall
j i ei
j=1, ..., (B-14)
and
o v.+ke -1
chJ ' w, = 0 if j<i (B-15)
Now consider the set of (kel S ker) vectors
k_,-1 k_ -1
~ el "« - er ~ ~
{Wl’ ..., K Wi Wy wens K Wr}

It is assumed here that all the kei are greater than zero. If some kei
is zero the corresponding \\;Jvi does not appear in this set at all. But
even if some kei are zero and the corresponding v}}i do not appear,
there is still (kel + ...+ ker) vectors in the set. All W, for

i=1, ..., r are shown in the set to avoid complicating the notation.
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The case where some kei = 0 is discussed later. Relations (B-12)to
(B-15) can be used in a development similar to the proof of Lemma 4.5
to show that all vectors in the above set are linearly independent. It

can also be shown that they all lie in the null spaces of M' and M By

1°
construction each \7/1 lies in the null space M', and since this subspace
is invariant with respect to K, all other vectors in the set must also be
contained in the null space of M'. The fact that all the vectors lie in

the null space of M. follows from (B-14) and the assumption that

1

k@i > 0. The maximum possible number of independent vectors

Ll

contained in the null of M' and Ml is

_ - P =
n-rk n-q (V1+...+Vr) k
(B-16)

Therefore

k + ... + k <k (B-17)

It can be shown that if (A, C) is an observable pair, the final terminating
matrix for this algorithm is the zero matrix ( the case (A, C) not
observable will be discussed later). If © is the final terminating

matrix, it must satisfy

CY
M'Q = Q =0 (B-18)
crg?l
and
MQ = | | & =0 (B-19)
M,



which implies

¢
' Q =0 (B-20)
o
Observing that
C = C'+ CFC (B-21)

it may be concluded that (B-18) and (B-20) imply

C
: e = 0 (B-22)
CKn-l
which also implies
C
Q = o0 (B-23)
caP!
If (A,C) is observable, this implies
8 = o (B-24)
The positive semi-definite matrix which remains after processing 1\711
has a rank of
Ml ] .
- = -q' - =
n-rk | _ n-q (u1+...+vr) L
My
(B-25)
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Since each reduction reduces the rank of the positive semi-definite
matrix by one, ke reductions must be performed during the processing
of 1\\7{2 in order to produce a final terminating matrix of rank zero (the
zero matrix). This means that at least k, rows of 1\7[2 must be

processed before termination. Excluding the rows &KP for

Vak .
L > kei + Vi {because termination of Ei occurs at CiK L el) the total
number of rows of 1\712 processed before termination is (kel + ...+ ker)'

Therefore

(kel + ... + ker) > ke (B-26)

This result together with (B-17) implies that

k. + ... + k = k (B-27)

and shows that the number of reductions is, in fact, equal to the number
of rows processed before termination. This means that a reduction is
performed for every row processed before termination. No zero
auxiliary vector can occur before termination because that row would
not procuce a reduction. Hence the termination point for each Ei is
signaled by the first zero auxiliary vector just as for .the algorithm in
Appendix A.

By virtue of (B-6) to (B-8) no vector lying in the subspace
formed by the vectors

Vl—l vr—l
{gl, ceey K gla gza cees K gr}

can be in the null space of 1\7[1. On the other hand all vectors in the set
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k -1 k-1
(o vvs KO0 W, Wy, o KT W)

are in the null space of 1\7I1. Therefore, the composite set of vectors
{gp, -+, K g0 Wb --es K

are linearly independent and form a basis for the null space of M'.

Define the n X ke matrix

- Kol o Ker 1.
Ze = [Wl.v » K Wl: Wz: 2 K WI‘]
(B-28)
Using (B~5), Equation (4-268) can be written
. o -1
CK Z, (B-29)
'Yrj
and then
v, = 8xlz (B-30)
i i e
From (B-14) and (B-28) it is clear that
‘Yij = 0 for j=1, ..., v (B-31)
_ kool_ k-1
and so the vectors {wl, R \‘fvl, Wos »ees K er \‘n'rr} form a

basis for the excess subspace as described in Section 4.3.3. The 811

are given by

= ¢cK'l!z (B-32)




From (B-14) it can be seen that the Bi have the form

o, = [Gﬂ, cees eir] (1Xk) (B-33)
where
vi+keJ—1
i o= [o, . 0, &K W, ] (1 X k)
(B~34)
and in view of (B-15)
eij = 0 if j>i (B-35)
The A matrix can be obtained from the equation
r
KZe = ZA * z Gi g; (B-36)

Since rk Ze = ke’ this equation can be solved for A in the closed form

r
_ T -1 T
A = [ze ze] Ze[KZe - Z 0, gi] (B-37)
ol 4

This form is more general than is necessary, however, because from

the form of Ze in (B-28) it can be seen that A has the form

~ v
A11 e e e e e Alr
A =
. . (ke X ke)
Arl e e e e e e Arr

(B-38)
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where

"0 0 0 ]
Aiil
1 0 i
0 1 ) .
A= . . ) (kg X k)
i 0 )
0 0 1 Ak
(B-39)
and
0.. . 0 Xiny
Ay = |- ) ) (kg X k)
Gs v unr.t Ak .
L ei_|
(B-40)

It is only necessary to solve (B-36) for the last column in each of the
blocks of A.

It was noted eariier that if some ke- = 0, then wj does not
appear in Ze. In this case A will have fewer blocks than shown in

12

(B-38). If there are r' nonzero kei' then there will be r'“ blocks

in A.

It was assumned previousiy that (A.C) is an observabie pair. If
(A, C) is not observable, the algorithm is still valid and A and the 0,
have the same significance as in the observable case. The only
difference is that the final terminating matrix -vill act be zero, but witl
rave a range space which ccincides with the unobservable space of C.
The eigenvalues of A (and A - DC) ) associated with the unobservabie

space -: ~ot appear in A, but since they rerrain unchanged for a~y D,
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they are not of interest in investigating mutual detectability. 'The
eigenvalues of A are those eigenvalues of (A - DC) which can be
influenced by the choice of D, but which are vncontrolled if D is

constraired to be detector gain for all vectors in the set {fl’ winy L.}



APPENDIX C

STANDARD MATRIX FORM
AND DECOUPLABLE REPRESENTATION

In this appendix a transformation matrix which produces the
standard form described in Section 4.3.6 is derived. Also, it will be
shown how a systemkrepresentation may be augmented to produce a
decouplable representation.

Let the matrices A and C be n X n and m X n respectively.

Assume that (A, C) is an observable pair and that
rk C=m (C-1)

so all rows of C are linearly independent. A set of n independent row
(1 X n) vectors is to be generated as follows. Consider each row of

the matrix
M = . (C-2)

starting with the top row and working downward. Retain only those

rows which are independent of all preceding rows. Let {cl,

nq{-1 No-1 n. -1
1 2 m
.,clA ,c2,...,c2A  eee, €, wee, C_A } be the

set of basis vectors so obtained, where c; is the ith row of C {the

vectors are not shown in the order in which they were obtained). Since
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(A, C) is observable, there must be n independent rows, so

n, + ... + n = n (C-3)

n,
The row CiA ! for each i does not appear in the set, so it must be

n.
dependent of the preceding rows. Then CiA ! can be expressed in

terms of those basis vectors which precede it in M

n. .
n, m L o1 i-1 n.
i - 3 i _
CiA = E z Wy o CIA + z Wy ciA (C-4)
2=1 p=1 2-1

The final summation appears only for i>1. The terms clep"1 appear
in (C-4) only if they are members of the basis, i.e., only if p <n,.
This fact can be recognized without changing the summation limits by

requiring that

Wigp = 0 if p> n, (C-5)
Similarly for £ <i
> — : -
wi, = 0 if n; >n, (C-6)

The second summation in (C-4) is written separately in order to call

attention to the significance of the w From the way in which the

-
basis vectors were selected it is clear that n, cannot be larger than
the decoupling order of c;e On the other hand, it can be verified from
(C-4) and Equation (4-433) in the alternate definition of decoupling

order that if the second term in (C-4) is zero (i.e., w;‘l = 0 for all

2 <i) then n, is at least as large as the decoupling order of c;- This
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implies that n, is equal to the decoupling order of ¢ if w;} = 0 for

all £ < i (note w;k is defined only for £ <i). If w;kl % 0 for some

£
2 < i, then Equation (4-433) is not satisfied for n,, implying that n, is
less than the decoupling order of C;e This shows, incidently, that ny
is always equal to the decoupling order of cq because the second

summation does not appear in (C-4) when i = 1.

Now define a new set of n independent basis vectors as follows:

e. = c, . (C-T7)

in. 1
1
m 'ni
n,-j .
= Lo p-j-1
ij c.A z z wi!P C! A
£=1 p=jtl
i=1
L 8
- “Wig Cg (C-8)
=1

for j=1, ..., n, - 1 (if ni> 1) and i=1, ..., m. Define the trans-

formation matrix

— -~
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The transformed matrices are

A = TeAT (C-10)

C = CT (C-11)

To identify the forms of A and C, it is necessary to determine
expressions for the basis vectors eij when post-multiplied by A. Now

forj=2, ..., ni-l

n.-j+1 =
= cA'lt - Z

e:L,j—l i
£=1 ]
B n.-j+1
- Wy CIA
e=1

1]
(@)
s~
=
i
i
s

=1 p=j+1
i-1 . n,-j m
) wigc A 1A z “igj C
=1 £=1
m
= eijA - Z wuj <, (C-12)
£2=1
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or

For j=1

i1

m
ei,j—l + Z wilj Cy for j=2, ..

=1 p=2

i-1 n
- z wi! CEA

£=1

n

1
(C-13)
(C-14)

Substituting (C-4) for ciA‘ i, all terms cancel except those involving

Cys and the result is

£=1

m m
e A = Z “ig1 & T Z “ie1 %n

£=1
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Finally

m i-1
s
®i,n,-1 7 cifh - z “itn, 2 Wig Gy A
£=1 £=1
m i-1
= 1.niA ) Z “ign; %n, ” “ig ©n, A
2=] £=1
(C-16)
or
i-1 m
einiA - z “ig elnl A= ei,ni--l + Z wuni eﬁnl
2=1 £=1
(C-17)

Combining all such equations for i =1, ..., m into a single matrix

equation yields

(1 0....uoo.0] Je. a T (e 7
. . in, 1,.n1 1
~w21 . . i .
. T -0 .
_w* W’ © e A c
L ml m,m-~1 n | mno B m,nm-l_
W . . . W T e ]
) 11,r11 .1mn1 . ln1
-+ . . - (C-18)
w B ) e
i mlnm rnm.nm 1 L m.nm ]

The triangular matrix on the left is clearly nonsingular and its inverse

also has a triangular form
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where

1in, ~ °

min
m

0 . 0 (1 0. ... 0]
- i} 421
T .0 -0
.— w ES 1 a sk ) ~a ES -1
m, m=-1 rn1 m,m-1
(C-19}
- —_ .
1 0 . 0 1 n. -1
e |
_ | P21 .
. -0
qmi1 am,m-l 1 em, n_ -1
_ 4 L m ]
— - o -
a . a e
. 11n1 . lmn1 ) 1n1
min : gmmn J €mn
L m B m
(C-20)
- _ - _
a 1 0 . 0 w . w
. lrnn1 ] 11n1 ] lmni
i 354 .
. 0 .
é * a¥ - 1 w ’
mmn ml m, m-1 mln ’ wmmn
m_J _ JL m |
(C-21)

355




The ith row of (C-20) is

i=1 m
einiA - Z 11 2 n, -1 + z qirn eﬂnl
=1 =1
(C-22)
Post-multiplying (C-10) by T, yields
- -
ellA
_ €1n A
ATe = TeA = 71 (C-23)
821A
e A
mn
o m —

From Equations (C-13), (C-15), and (C-22) the form of A is seen

B P

11 Im
A = (n X n)
A ......EK
L “"ml mm _|
{(C-24)
with
[0 o 0 a,.. |
iil
1 0
Aii = 0 1 ' . . (,nani)
. 0
0 0 -1 aiin
u n; | (C-25)
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0 . 0 0 aijl
A.. = n. X n.
H ., .0 . "0y
0 . 0 afk. a..
ij ijn, ]
{(C-286)
0 0 ajil
_ ' . . ajin
Aji = . i (.nj X ni) (C-27)
__0 . . . .0 0 B

where nj > ni. The a.., are defined as follows:

ijf

= W,. i,]

= eve, -1
8.131 ].Jﬁ 1: eoe, M ,@ ‘ 1: K] nl

The elements aijn and alJ are given by (C-21) and (C~19) respectively.
i
Post-multiplying (C-11) by T, yields

cT, = C (C-28)

and from (C-7) it is easily seen that

c, 0. . 0
— (4
C = . . (m X n) (C-29)
. . "0
. 0 <
. - - m i
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with

Ei = [0. . .0 1] (1Xn) (C-30)

The final zeros in the last column of Kji appear when nj > n, and are
a result of (C-5). From the form of the defining equation (C-19) for
the au it can be verified that the conditions on w;’} given in (C-6)

apply to the a:: ag well, i.e.,

£

a, = 0 if n,2n (C-31)

if £

It is for this reason that there is no a;} in Kji given by (C-27). Also

from (C-19)

a, = 0 for i# (C-32)

If the a; are zero for all £ <1i, then n, is equal to the decoupling

<

order of c;- If all the azl are zero then (A, C) is a decouplable pair,
and A and C have the standard form presented in Section 4.3.6.

It will now be demonstrated how a system representation may
be augmented to achieve a decouplable representation. Let (A,B, C)
be a2 minimal plant representation where A, B, and C have dimensions,
nXn, nXr, and m X n respectively. An equivalent representation is

L ALY ~ ~ ~S ~

any triplet (&, B, ®) (with dimensions & X0, A X r, and m X T)

satisfying
cAlB = CAIB foralljx 0 (C-33)

Since (A, B, C) is minimal, (A, C) is an observable pair. Let q; be the

decoupling order of Cs the ith row of C. Suppose

q * ... +q_ >n (C-34)
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so by Theorem 4.7 (A, C) is not a decouplable pair. The triplet (4,B,C)
will be augmented to obtain an equivalent observable representation

(&, B, T) with E:"i having the same decoupling order as c,, and with

q + ... tq = n (C-35)
First assume
rk C=m . (C-386)
n1~1
The case rk C <m will be considered later. Let {Cl’ e, clA » Cos
n -1
. cmA m } be the set of n independent basis vectors obtained as

described at the beginning of this appendix. It was noted earlier that

n.lS_qi i=1, ..., m (C-37)
Let

. A A,

A = (7 X 1) (C-38)
L9 Ay
B

B = (% X r) (C-39)
0

C = [C, 0] (mX®) (C-40)

where @ is given by (C-35). The matrices Kzz and K12 have dimen-

sions (f - n) X (@ - n) and n X (¥ - n) respectively, where

m

Ren = ) (-n) (C-41)

i=1
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It is easily verified from the form of A, B, and € that they satisfy the
requirernent for an equivalent representation for any K12 and KZZ' It

must now be shown that A and A can be chosen so as to make

12 22

o A

{A,C) a decouplable pair.

Before selecting K12 and Kzz a simplification can be made
which will considerably reduce the amount of algebra involved. First
assume that A and C are in the standard forms (C-24) to (C-30) derived
in this appendix. It was shown in Section 4.3.6 that decoupling order,
and thus the property of decouplability, is invariant with respect to
replacement of A by (A - DC). In the present context this means that
it ({A-D"E], &) can be shown to be a decouplable pair for any D", then

(X, ) i¢ also decouplable. Let

D" = (F X m) (C-42)

jo

where D' is an n X m matrix. Then

A-D"E = (C-43)

Now with A and C in the form of (C-24) to (C-30) it is easy to see that

D' can be chosen to cancel all the a,,, elements in A, yielding

14
2] 11
-
A -D'"C = . . (C-44)
A” A"
1t e e m
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with

0 0 0 0
1 0
AV = 0 1 . . (n. X n.)
ii s i L
. 0
B 0 0 1 0 |
{C-45)
— .
0 0 0 0
A", = (n. X n.)
1] 0 L J
0 0 a¥ 0
L 1 _
(C-46)
1t - -
where an n,. Define
A’n - K _ ’1‘5116 (C-48)
A" = A -D'cC (C-49)
Now for each i for which
q; -n, >0 (C-50)

let there be an associated 1 X (il - n) row vector gi. These f’i and 23;22

can be chosen arbitrarily except for the following two requirements:

361



(i) The (i - n) row vectors

Nqi‘-ni__ 1

{Z;i, e, CiAzz ;  alli such that q; - n; > 0}

are linearly independent.

q.-n,
q.-n. i i b-1
. s ~ L 1 _ _ ~ ~
) LBy = z Uiy 5 Bag
p=1
i=1, qi-n
~ ~ i_'
wuqi t, Agy (C-51)
£ =2
where the &ip are arbitrary scalars. The ajilq are scalar functions

i

of the au in the A"ij and will be defined later. The prime on the second
summation sign in (C-51) is to indicate that the sum is to include only
those £ for which q, - 1, > 0. The summation starts at £ = 2 because,

as noted near the beginning of this appendix,
n, o= g (C-52)

Note that (C-51) implies the eigenvalues of Auzz are given by the roots

of the equations

2
2

s + ai,q.—n. s + ... + a,, = 0 (C-53)

for those i such that q; - n, > 0. Since the & are arbitrary, the
eigenvalues of 23:22 are almost arbitrary. The K12 matrix is constrained

to satisfy the equations
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ciA”J_lﬁf12 = 0 for j =
7nl-- ~ r’i it oy
! -
CiA A12 =
0 if n

1, .. -1 (C-54)

< qi
(C-55)
=q

These make up a total of n independent equations which uniquely

determine A12'

It must now be shown that the decoupling order of ’c"i, the i

row of 6, is q; foralli=1, ..

th

., m. To establish this it is necessary

to develop a general expression for ¢ A, For ji> 1
~ ~yr] 1] np-l % xI-p -
CA [cA'™, i CA Al Agy ] (C-56)
p=1
so
j.
~ nj "j wp-l v wj-p -
s [c. A z c. A R, B3P (C-57)
p=l
Using (C-54) this reduces to
A A= [c,a"), 0] forj=1 ..., n -1 (C-58)
and
J
~ ] - 1] np"l A xi-p
c. A [CiA , Z c; A Ay Aoy ]
P=ni_
for j= n, (C-59)
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From the form of A" and C it can be verified that

i=]
np  _ o 1np -
CiA Z wup c, A for p_>_ni (C-60)
1=1
with
coup = 0 if p2n, (C-61)

The scalars @iip are functions of the a13 appearing in the A”ij' The
exact functional relationship between cT)up and aij is not necessary to
prove decouplability, but as a matter of interest the (Bifp are given'by

the matrix equation

1 0 . 0 1 0 . 0
_ it
uf?lp 21 )
= . 0
. 3 -
wmlp m,m-1, p 1 i amlp o Zm,m-l, p !
(C~62)
where N
a,. if p <n.
—se 1
a.. = (C-63)
1jp
0 if p 2n,;

J

e
is equal to w,, in (C-4). When n, =q,, (C-60)

Incidentally, @ ¥

Ini
reduces to

c; A" = 0 forallpx>mn (C-64)
Then

Lo~

] for all j > n, {C-865)
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which implies the decoupling order of (:"i cannot be larger than n, =q..
By Theorem 4.9 the decoupling order of '(‘:’i cannot be smaller than a;s
so one may conclude immediately that if n; = q, then the decoupling

order for ’c‘:’i is q;- Now consider the case where n, < q;- Post-

pel

multiplying (C-60) by §12 yields

i-1
"o - — np X _
c,A A12 Z By o Oy A A12 for p > n; (C-686)
2=1 '

Equations (C-54), (C-55), and (C-61) indicate that the only nonzero

terms in the above summation are those £ for which p =

= nz - 1 and
n, < q - Then
i-1
np % _ .y
CiA A12 = Z 6p,1’1£-]. wi!p z, for p > n, (C-67)
=2
where § is the Kronecker delta
p,nl—l
1 if i=73
6ij = (C-68)
0 ifi# j
Then (C-59) becomes
T . n,-1 j-n.
~ Al o 1nJ i1 "y ¢ 1
CiA [ciA s CiA A12 929



= |e, am 4 KJ—ni
i 17722
i-1
3 By .
+ 123 2;1 29 J for jzn;
£=2

(C-69)
where the Kronecker delta was used to eliminate the summation over p
and
wu,n£—1 if n,+1l<n, <j°
wj - (C-170)
0 otherwise

Letting ] = q; and using (C-51), (C-69) becomes

i-1
q q.-n q.-
— n 1 _ T ~ 11 ~ ~71
c; A = [ AT L LAy, o F ng. 82 %22 }
1=2
970y
_ Anqi ~ "’P"l
= |% - a;, &899 (C-71)
p =1

Now define the following set of 1 X n row vectors:
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If n. = q; let

Y.. = [e. R , 0] forallj>1

ij i -
If n, < q; let

[c, a7t 0] for1<ji<n,
Vij = j-n;-1 .
[0, L Agg ] forj>n,

Then if n, =q,

& &l Y. forallj>1

i ij

Ifni < a;

~ ""nj‘l _ o~ .

CiA = Vij forlSJSni
and for j >ni

i-1
~ w%uj-1 nj-1 ~ ~ ~
CiA [CiA , 0] + Vi; + ) wiﬂ,j-—l vﬂj
=2
Using (C-60) this becomes
i-1 i-1

x Fni-l
i

/
Y.+ o, . .Y . D.. . . T..
Vij Z “ig,5-1 Ypj * Z “ig,j-1 Ve;

p=1 £=2

Now define the m X n matrices
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(C-175)
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XK

ij
V. = ) (C-178)

V.
mj

Trom the form of {(C-74), (C-175), and (C-77) it can be verified that for

any i
- - _ - -
= 1
e = T V2 (C-79
= Vi C-179)
é’A ”j"l ’.-\7
L - e
where ;'EVj is an (m - j) X (m - j) triangular matrix of the form
1 0o.....0
A Te . e o
ij = 1; . ) 6 (C- 0)
.jﬂ o .
L ‘1

A
The lower left half of ij is made up of the wipj and wi.ﬂj in (Cf77).

For present purposes the significant feature of ’f‘vj is its triangular

form. From (C-T1)

9704
¢ Z\”qi = [ec A“qi 0] - @, v (C-81)
i i ‘ ip Vi,ntp
p=1
Because of the special form of A"
c Al]qi - 0
i 2
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SO

q q;-ny
~ _ - ~ o -
A - 0o (C-82)
p=1

. q;
This implies that E’i A" ! is linearly dependent on the rows of the matrix

Since

TR
'Ol

= 7 ) (C-83)

<KX
o
>

e

c
. -1
6A’n 1
Therefore
¢ c
rk ;'qui—l = rk (C-84)
CA
6- gn qi .&’A’nqi—
1 _ . -

which shows that the decoupling order of 6’i is no larger than q;-

Since by Theorem 4.9 the decoupling order of 'c‘:’i cannot be less than

369




a;s it may be concluded that it is, in fact, equal to q;- To establish

that (A", ) is decouplable it is only necessary to show that this pair

is observable. Because of requirement (i) on the Qi and the fact that
,l’l]_']. \ n_ -1

the n row vectors {Cl’ e, clA” , Cou e cmA”' m "} gre

linearly independent, it follows that the il row vectors

{fz’m, s qu » gy e "meq } are likewise linearly independent.
1 m
This means
Vi
rk . = i (C-85)
&
n
And by (C-79) this implies
- -
"C’Kn .
rk . = 7 (C-86)
é’A’nﬁ'l

This shows that (A", T) is an observable pair, and is therefore
decouplable. Consequently, (&, €) is also decouplable.

When
rk C<m (C-87)

the development proceeds in a similar way except that for the dependent

rows of C the associated I;i appear in 6’ To clarify this, suppose

rkC = m' (C-88)

370



and assume the first m' rows of C are independent. Partition C so

that

C = (C"‘gg}

where C1 is m'™X n and

rk C; = m' ' (C-90)

P

The rows of C2 are dependent on the rows of Cl' Now A and B have
the same forms as previously given in (C-38) and (C-39), but € has

the form

=

= (C-9D)

2 22

The rows of 622 are chosen to be linearly independent. They play the

same role as the 2,;i in the previous development. Note that this makes

~

rkC = m (C-92)

It is again easily verified that this is an equivalent representation. Now
A and C1 can be put into the standard forms (C-24) to (C-30). A

simplification similar to the previous case is achieved by taking

11
» Ch Y
B = (C-93)

0

o
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where D"
11

form of A" given by (C-44) to (C-48)

blocks instead of mz). Then

is nX m' and is selected so that (A - D”11 Cl) has the
(except that (C-44) has m'

2

1" ~
A-Dy G Ag
9 Ao
" ~
A A,
(C-94)
9 Aag

From this point on, the development follows the previous case with

n, = 0 for the rows of C2'
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